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The piston of an engine may travel faster in its outward 
journey but slower in the inward one. None of these journeys 
are uniform and even in any one of them the time for one-half 
of the journey may be different from the other half. The vibra- 
tory motion of a clamped steel spring will differ in details from 
that of the piston or of the needle of a sewing machine. 


To understand why different vibratory motions differ from 
one another in details, let us remember that no motion can be 
produced without applying a force and that the nature of the 
motion depends upon the nature of the applied force. The force 
that will produce a periodic motion must have its own character- 
‘istics. It has already been mentioned (Mechanics, Vol. I, § 61) 
that to produce a circular motion, a constant force directed per- 
pendicular to the path, i.¢., a centripetal force, must be applied. 
In vibrations, the force acts along the line of motion, but varies 
with time. The relation between the displacement of a body in 
vibratory motion and the time in which it occurs, will therefore 

depend on the way in which the applied force varies with time. 


2. Simple Harmonic Motion and its Characteristics, 


Among the various types of linear vibratory motion, the study 
of the one known as simple harmonic motion (abbreviated 
S.H.M.), is the simplest. We shall consider it in detail. It may 
be mentioned that any vibratory motion, however complex, can 
be synthesised by the superposition of suitably chosen simple 
harmonic motions. 

The motion of a particle is said to be simple harmonic if it 
has the following characteristics : 

(1) the motion shall be periodic ; 

(2) when the particle is displaced from its position of 
equilibrium (i.e., the position when no unbalanced force acts on 
it), it shall be acted on by a force (hence, an acceleration) which 
tends to restore it to that position ; 

(3) this restoring force shall be directly proportional to the 
displacement of the particle from its equilibrium position, [This 
shows that as the displacement of the particle increases, the 
restoring force (or the acceleration) increases also.] 


From these characteristics simple harmonic motion may be 
defined as follows : 


Definition. Simple harmonic motion is the motion of a 
particle acted on by a force (hence an acceleration) constantly 
directed towards a fized point and proportional to the distance of 
the particle from that point. 
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Examples of S. H. M. In the next article we shall see 


that the force acting on the b 
small are of swing has 
the above characteristics, 
Hence the motion of such 

a pendulum is of the 
simple harmonic type. 


When a helical spring 
is stretched axially (Fig. 
2), its change of length is 
proportional to the applied 


force so long as the stret- ™ 


ching is not large. The 
elastic force generated in 
the spring tends to res- 
tore it to its unstrained 
position. Hence, when a 
weight is suspended from 


ob of a pendulum moving with a 


(a) () (cr- 


such a spring and released after it has been displaced a little, 
the motion of the weight due to the action of the elastic forces 
will be simple harmonic. In Fig. 2 a, b and c represent res- 


Fig. 8 


pectively the natural, extended and com- 
pressed conditions of the spring. The 
weight moves between B and C on two 
Sides of its undisturbed position 4 in & 
simple harmonic manner, 


The nature of simple harmonic motion 
can also be realised with the help of a 
particle moving along a circular path with 
uniform speed (Fig. 3). If we place our eye 
in the plane of motion of the particle and 
observe the moving particle from a dis- 
tance, then the apparent motion of the 
particle will be simple harmonie, The 
reason for it is discussed later ($4). 


3. Motion of a Pendulum is Simple Harmonic. 


In Fig. 4 let OA = be the length of a simple pendulum and 
m, the mass of the bob, A is the equilibrium position of the bob, 
In this position its weight mg acts vertically down wards and the 
tension of the string balances this force. 
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When the bob is displaced to B, the supporting string is 
inclined at an angle 0 to the vertical, but the weight mg acts 
vertically downwards as before. The 
resolved part of this weight along 
the direction of the string is 
mg cos 9, 

. It acts in opposition to the 
tension of the string and is neutra- 
lised by the latter. But the other 
component of the force, mg sin 0 
acts tangentially to the path BA of 
the bob. Under its action the bob 
tends to return to its equilibrium 
position. If 0 be very small, AB 
(=a) may be taken as straight, and 
in that case 

: arc AB a 

sa dete QM OA et 

Hence, the force on the bob 
which tends to restore it to its equi- 
librium position, has the magnitude 


Fig. 4 P = mg sin 9 = mg) = mgzll. 
sia P.eocc 


ie, the force acting on the bob is directed towards the fixed 
point A, the equilibrium position of the bob, and is proportional 
to the distance z of the bob from A. Therefore, the motion of 
the pendulum bob is simple harmonic. In this analysis we should 
not forget that the angle @ must be small enough so that sin 0 
might be replaced by 0 without appreciable error (Vide Vol. T 
Mechanics, Foot-note on p. 171). 


OSCILLATIONS OF A PENDULUM, If AB be the amplitude of the pendu- 
lum then the restoring force which accelerates the bob towards its equili- 
brium position, acquires its maximum value at B. As the bob proceeds 
from B towards 4, the force (and hence the acceleration produced by thís 
force) gradually diminishes til it vanishes at A, But the speed acquired 
by the bob while proceeding from B to A carries it through A due to 
inertia. - As soon as the bob moves past A towards C, the restoring force 
reappears and pulls it towards A, This produces an acceleration directed 
opposite to the instantaneous velocity, The opposing acceleration increases 
with distance and gradually reduces the velocity of the bob until it stops 
at the point C, The restoring force at O is also the maximum. The motion 
from C to B through A is the same as from B to O. Thus the bob moves to 


and fro on both sides of the equilibrium position. 
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4, The Projection of a Uniform Circular Motion on 
any Straight Line is Simple Harmonic Motion. 


There is an alternative way of defining simple harmonic 
motion : it is the projection of a uniform circular motion on any 
straight line. Wemay call this difinition the geometrical or the 
kinematic definition, and the one at «s. the physical or kinetic 
definition. The two are equivalent, and one may. be derived 
from the other. 


Visualisation of the projection of a uniform circular 
motion. To get an idea of what we mean by the projection of a 
uniform circular motion, let us think of the following simple 
arrangement, 


Let a pendulum bob be go displaced that it moves in a hori- 
zontal circle instead of in a straight line (Fig. 8'. A pendulum 
with such a motion is called a conical pendulum. If we stand 
at a distance and observe the motion with our eyes in the samo 
horizontal plane as that of the moving bob, its circular motion 
will not be recognised. In fact, if observed in this way (especial- 
ly when only one eye is used to see it), the bob will appear to 
move to and fro along a diameter of its circular orbit. This 
apparent motion of the pendulum bob is the projection of its 
circular motion on a plane perpendicular to the plane of the 
orbit and to the line of sight. 


Graphical representation of the projection of a uniform 
circular motion. Let a particle P describe the circle DBEC 
(Fig. 5) with constant an- 
gular velocity in the direc- 
tion of the arrows. From 
different positions Po, P1, Pa 
etc, of the particle on the 
circumference drop perpen- 
diculars on any diameter 
BC. As P moves round 
and round on the circle, the 
foot Q of its perpen- 
dicular drawn on the dia- 
meter BO moves to and fro 
along BO, its motion being 
confined within the range B 
to C. This motion of Q is 
the projection of the uni- 
form circular motion along 
the straight line BC; it is 
periodic in nature. Fig. 5 
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To prove that the projection of a uniform circular motion 
is a simple harmonic motion. Let a particle describe a circle 
DBEC (Fig. 6) of centre A and 
radius 7—4B, with a constant 
linear speed v. Its angular velocity 
o=vr is uniform. From any 
instantaneous position P of the par- 
ticle drop a perpendicular on a dia- 
meter BC; Q is the foot of the 
perpendicular. To show that the 
motion of Q is simple harmonic let 
us remember that to keep the par- 
ticle moving in the circle an accele- 
ration v?/r- e*r, directed towards 

Fig. 6 the centre, will always act on it 

; (see Vol. I, Mechanics, Eq. 614). 

If AD is perpendicular to BC and the angle DAP is 0, then the 
component of this acceleration along BC will be wr sin 0 — 


a'r A OL AQ. This component gives the acceleration 


of Q. From the figure it appears that forall positions of P the 
component is directed towards A, the centre of the circle. More- 
Over, its magnitude is proportional to AQ, i.e, the distance 
from A, 

It follows therefore that as Q executes a periodic motion 
along BC, it is acted on by an acceleration which is everywhere 
directed towards the fixed point A, and is proportional to the 
distance of Q from A. Thus the motion of Q possesses all the 
characteristics of simple harmonic motion. 

A given S. H. M. may always be looked upon as the projec- 
tion of a uniform motion in a circle. This circle is called the 
circle of reference or the auxiliary circle of the given S.H.M. 


5. Some Definitions, 


(1) Periodic Time or Period. Fora particle or a body 
executing a periodic motion the time that elapses between two 
successive transits across the same point and in the same direc- 
tion, is called its periodic time, time period or, simply, period. 
It is the time required fora double swing. Referring to Fig. 5, 
let the point Q be at Q, at the moment under consideration and 
moving towards the right. From Q, it will reach B, then 
retrace its path, pass through Q; in the opposite direction in its 
journey towards C, return from C to Q1 and pass it in the same 
direction as at the initial moment. Between the moments Q 
crosses Q, successively in the same direction it undergoes a 
complete series of displacements and is said to have completed 
a vibration, Tho time it requires to complete a vibrátion is its 
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periodic time. It will be seen that in this interval the moving 
particle P on the circle of reference (the circle BECD) will move 
through 2r radians and undergo one complete revolution, If Tis 
the periodic time of the circular motion it is also the period of the 
vibration. If be the angular velocity of motion in the circle 
of reference, then 
h a= 9r/. T (5.1) 
(2) Frequency. Thenumber of complete vibrations exe- 
euted in one second by a body in periodic motion is called its 
frequency. If the frequency is n and the period 7’, then 


nT=1 or, nok (5.2) 


T 

(3) Amplitude. The maximum displacement from the 
mean position which a vibrating body undergoes is called its 
amplitude, In Figures 4 and 5, AB is the amplitude of vibration. 

(4) Phase. The displacement and the velocity of & vibra- 
ting body change continuously, and after the lapse of a time 
equal to an integral multiple of the period both acquire the 
same values as before. We may therefore say that at intervals 
of time equal to the period the body returns to its original state 
of motion. In between, its state of motion (or phase) changes 
continuously. The word phase implies the state of motion of a 
body in the sequence of changes that it undergoes in the course 
of vibration. A knowledge of the phase at any moment should 
give the position of the vibrating particle in its path as well as its 
direction of motion. 


How to represent phase. There are different methods of 
representing the phase, viz.— 

(a) in terms of the time, expressed as a fraction of the 
periodic time, which has elapsed since the particle crossed its 
mean position (or some other standard position) ; 

(b) in terms of the angular distance through which the 
rotating particle on the circle of reference moves between the 
initial and final positions (see $6.). 

If any one of these is known at any moment, then both 
the instantaneous position and the velocity of the vibrating 
particle are also known. 

(5) Epoch and Phase Difference. The phase of the particle 
at the initial moment (i.e., the moment from which the motion 
is being considered) is called the epoch. If two bodies start 
vibrating at the same time from their mean positions, then their 
epochs will be identical. Their phases at any later moment will 
be different if they have different time periods and thus pass 
through their mean position at different instants. Though the 
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initial phases were identical, a difference between the phases of 
the two particles gradually builds up as time proceeds, Speaking 
of a later moment we may therefore say that a phase difference 
exists between the two particles. If the phase difference 
between two vibrating particles of equal periods be 27 
radians or any integral multiple thereof, it is to be 
understood that they are in the same state of motion, i.e., 
they will be at the mean position or at the same end of a 
Swing simultaneously. We Sball find this statement useful 
in describing the mechanism of waves. 


To draw the circle of reference. The study of a given 
S.H.M. is often much simplified by referring it to the uniform 
circular motion of which it may be considered the projection, It 
is quite easy to draw the auxiliary circle for any S.H.M. Ifa 
is the amplitude of vibration of a particle in S. H.M., n its fre- 
quency and T its periodic time, then the radius of the circle 
will be a and the angular velocity of the rotating particle will be 
o=27n=2n/T. The centre of the circle coincides with the 
mean position of the vibrating particle, 


6. Time-Displacement Equation of a Particle 
in S.H.M. 


Let a particle execute an S.H.M. about the point A (Fig. 5) 
with amplitude AB along the line BC. Then the circle BCED 
drawn with A as centre and AB a8 radius, is the circle of refer- 
ence, The motion of the particle on the circle of reference may 
be assumed to be either clockwise or anti-clockwise. In the figure 
it has been taken to rotate in a clockwise direction. Erect a 
perpendicular AD on BC at A. When the vibrating particle Q 
passes A and proceeds towards B, the particle P rotating on the 
circle of reference will cross D, Po represents this position of P, 
Let this be the initial state of affairs, 


If after time ¢ the particle P on the reference circle moves 
through an angle 0 and reaches Pi, then in the mean time the 
foot Q of the perpendicular will move from A to Q,. The ins- 
tantaneous displacement is y7AQ:. Writing a for the ampli- 
tude AD, wo have 

AQ:=AP, sin 9 
or y=a sin 0 (6.1) 


The position nnd direction of motion at any instant will be 
known if 8 is known. This is the angle through which the 
representative particle moves on the circle of reference between 
ie MH and the final moments and is known as the phase 
angle. 
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. If be the angular velocity of the rotating particle and x 
its frequency, then à = wt and w=9n/T=92mn, Hence Eq. 6.1 
may be written as 


y= sin ot (6.2) 
= i 2n 

asin pt (6.8) 

=a sin 2nnt (6.4) 


Any ot the equations 6.9 to 6.4 represents the displacement 
ofa particle in S.H.M. as a function of the time. It is called 
the time-displacement equation. 


. As time passes, the magnitude of the phase angle 0=wt 
increases. But as y=a sin wt the value of y remains confined 
within the range of y= + a as the value of sin 0 cannot go be- 
yond +1. If plotted graphically, the equation y=4 sin @ will 


yield a sine curve If we take y=q sin E and draw the time- 
displacement curve of the particle executing an S.H.M., a 


similar sine curve will result. This curve gives the displacement 
of the vibrating particle at any given time. 


Graphical construction of the time-displacement curve. 


To get the time-displacement curve of agiven S.H.M, of amplitude € 
draw a circle of the same radius (Fig. 7) and mark on it the vertical 


diameter BO and the horizontal diameter DE, This is the auxiliary circle. 
Divide the circumference into equal ares by as many points as desired, 
say 12. Starting from D as 0 the points are marked 1, 2, 8, etc, anti- 
clockwise in the diagram, in succession. Produce the line ED and from 
any point 4’ on it mark off equal distances to the right. Each such dis- 
tance will representan iuterval of time equal to one-twelfth of the periodic 
time of the perticle in SH.M. Starting with A' as 0, mark these points 
1, 2, 8 etc. 

Let at time t=0the particle be at A and the representative point at 
D on the circle of reference, As this point moves ed the circle in an 
anti-clockwise direction with a constant angular velocity W) =2r/T=2rn, 
where T is the periodic time and n the frequency of the particles in B.H.M., 
the foot of the perpendicular drawn on BC will execute the given B.H.M. 
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Drop perpendiculars on BC from the marked points on the circle. 
Their distances from A give the displacement of the particles in S.H.M. 
as the moving point on the circle passes through the marked points, At 
each marked point on the line ED produced erect a perpendicular whose 
length is equal to the distance of the footof the perpendicular dropped on 
BC from the point of the circle which has the same mark. The line 
joining the tops of the perpendiculars so created is the time-displacement 
curve. 

Horizontal distances from A’ measure the time (in units of 7/12) 
from the moment that the moving particle was at 4, The ordinate of the 
curve gives the displacement of the particle. 

Other forms of the time-displacement equation, 

The equation of displacement of a particle executing &H.M. depends 
on the position of the particle at the initial moment. The method of 
obtaining the equation for different initial positions may be understood 
from Fig. 8, in which BC is the line of vibration, Q the instantaneous 


position of the moving point and P the corresponding posítion on the 
reference circle, 

In Fig, 8(a) the initial positions are A and P,. Obviously, the required 
equation will be 

y= AQ= AP sin 6=4 sin 0= sin wt, " 
In Fig. 8 (b) the particle is initially at B. Hence the equation is 
177 AQ =< cos f= « cos wt, (6.5) 

Note that in this case Q is moving inwards, while in Fig. 8(a) it was 
moving outwards, 

It however, the particle is initially at any other point on its path 
[such as Qa in Fig. 8(c)) and reach Q after an interval ¢, then the repre. 
sentative point on the reference circle moves from Py to P in the same time 
and describes the angle PAP, 6t, It 2 DAP, e, then the displacement 
of the particle after time f is 

y=AQ=AP cos PAQ AP sin PAD 

«sin (P,AP- P,AD) 

=< sin (0-6) 

=x sin (wt-e) (6.6) 


VIBRATIONS 1 


Here the phase angle is (wí—6). The value of the phase angl 
ems gives eun sposi: E "oo here is —e, Thel dien ce Fri 
and 6.6 represent the same S.H.M; they diffi 
a5 an0 eo ; they er only in the choice of 


Some time-displacement graphs of 8.H.M. are shown in Fig. 9, the 
amplitude in each case being 4=10. The horizontal axis represents the 


* 
^ 
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Fig.9 


time, expressed as fractions of the time-perioa, The vertical axis represents 
the displacement. 


In the two lower figures the epoch has been taken to be /4. From 
the figures it will be clear that à change of epoch only displaces the curve 
to the left or to the right, but produces no other effect. 


7. Velocity and Acceleration in S.H.M. 


Let Q be the instantaneous position 
of a particle executing an. S.H.M. about 
the point 4 along the line BO with 
amplitude «—4B (Fig. 10). Draw the 
auxiliary circle BECD. Let P be the 
position of the moving point on the 
circle corresponding to Q. The linear 
speed of the point on the circle is 
PR=v=w4, where o is its angular 
velocity. PR is perpendicular to AP. 
The component of the speed parallel to 
ABis SR=PR cos 0, where ô is the 
angle described on the auxiliary circle since the particle crossed 
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4. Ifat t=0 the particle were supposed to beat 4 and moving 
to the right, then 0 = ot, 


sa The velocity of the S.H.M. at any moment-eox cos of, 


It should be noted that in this case the time-displaceraent 
equation is y= sin wt. If it were y —« sin (wt—e), the velocity 
would be y — ox cos (wt - e). 


Referring to Fig. 6 in $4 the aeceleration along tho lino of 
motion will be found to be —o?x sin ot— —o*y, The accelera- 
tion is proportional to the displacement and directed towards the 
mean position. This is the characteristic of an S.H.M. 


7A. Periodic Time of a Body executing S.H.M. 


The above result that the acceleration of a body in 8.H.M.at a distance 
y from its mean position has the magnitude wy, provides a simple method 
of calculating the time period. Obviously the acceleration at unit distance 
is equal to w°, But w=2r/T, Therefore, we get the Simple and important 
result that T=2r/w, or 


27 
MJ E 
J acceleration at unit distance 


TIME PERIOD OF A SIMPLE PENDULUM, Asa simple application of the 
above result let us calculate the time period of a simple pendulum. In $3 
we have seen that the force P on the pendulum bob when it isatad istance 
t from its position of rest in P=mga/l, 


Time period = 


4» Its acceleration at distance «=P/m=gz/t, 
+. The acceleration at unit distance (i.e, when @=1) is g/l, 


Hence the time period 7'=—27__ T 
* gli g 


EXAMPLES. (1) A body in S.H.M. has an amplitude of 6 cm and a. mass 
ofl0gm. The restoring force acting on it at the end of its swing is 1000 
dynes, Calculate the periodic time. 


Solution ; The restoring force per unit displacement = 1000/52 200 dynes, 
Hence the acceleration at unit distance =200/10=20 cm/sec? 
«. Time period= -2r seo m1'4 see, 
* 20 
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(2) A body of mass 100 gm causes a vertical spiral spring to stretch b; 
0.5 cm. If it is set into vertical oscillations of small t; : 
the periodie time of the oscillation ? SEMEN YN 


Solution: Assuming that the extension ofa spring is proportional to | 
the force, the force required to produce an extension of 1 cm js 100 £m wt 
5 


=200 gm. wt=200 g dynes, where g=acceleration due to gravity. Hence 
the acceleration of the body at unit distances force/mnss = 3009/100«219. 


. 2T 
4 Time period z — 
me perio vag. 


8. Different Forms of Vibration. 


(a) Transverse Vibration. The vibration of a pendulum 
bob is at right angles to the suspending string. If a steel strip 
(Fig. 11), fixed firmly at one end, be pulled aside at the other 
end and then released, it vibrates at right angles to its length, 
Vibrations of this kind which are at right angles to the length 
of the vibrator are called transverse vibrations. The vibration 
of any point of the strip may be considered as simple harmonic. 
In Hg. 11 the point N where the strip is clamped has no 
motion, The displacement increases continuously from N 
towards the free end A and is a maximum ai 4. N is called 
a node and A an antinode. 


(b) Longitudinal Vibration. 
Consider a vertical spiral spring 
fixed at one end and loaded at the 
other. When pulled along its axis 
and released, the spring vibrates 
up and down (Fig. 2), An elastic 
rubber cord behaves similarly. If 
a body vibrates parallel to its length, 
the vibration is called a longitudi- 
nal vibration. The fixed end of 
the spring is a node and the free end 
an antinode, 


(c) Torsional Vibration. If 
a vertical wire carrying a load at one 
end is twisted a little at the free 
end and then released, the body 
will turn about its axis of suspen- 
sion successively in opposite direc- 
tions. It undergoes angular dis- 
placement on both sides of its posi- Fig. 11 
tion of rest. 


This type of vibration is known as torsional vibration and 
a body executing it may be called a torsional pendulum, An 
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ordinary pendulum bob with a small are of swing executes a 
linear S.H.M. as its motion is practically along a straight line, 
The motion of the bob of a torsional pendulum executing small 
angular oscillations, is an angular S.H.M. 


In angular S H.M. the torque acting on the body fluctuates 
in magnitude and always tends to restore the body to its 
equilibrium position. The motion will be simple harmonic only 
when the restoring torque is proportional to the angular dis- 
placement for all positions of the body. The characteristic 
which the restoring force possesses in linear S H.M, must be 
possessed by the restoring torque in angular S,H.M. 


9. Free Vibration. 


An oscillating pendulum returns to the same position at 
intervals of a given time. Every pendulum has its own charac- 
teristic frequency and period ; it maintains that frequency and 
period while vibrating. The values of these factors depend on 
the length of the pendulum andon g, the acceleration due to 
gravity. 

An elastic body such as the steel strip (Fig. 11) ora spring 
(Fig. 2) may be made to vibrate under suitable conditions, 
Vibrations in bodies may be excited by plucking, striking etc. 
After vibrations have been excited in an elastic hody and the 
exciting force removed, the body continues to vibrate with a 
frequency characteristic of its own. Such a vibration is called 
a free vibration and the frequency with which it is executed is 
called the natural frequency of the body. The periodic time ig 
called the natural period. Free vibrations may be transverse, 
longitudinal or torsional, 


10. Forced Vibration and Resonance. 


If a periodic force (i.e. a force variable in magnitude, but 
attaining the same value at equal intervals) be applied to a body 
capable of vibration, the body will at first tend to vibrate with 
its natural period. But after the passage cf suficient time it 
will be found to vibrate with the period of the external impressed 
force and will continue to do so as long as the external force 
acts, Such a vibration of a body which has the periodicity of 
the external force is known as forced vibration, 


If the period of the applied force is identical with the natural 
period of the body, a large vibration may be built up by the 
application of even a small force. This kind of forced vibration 
in which the period of the applied force and the natural period 
of the vibrating body are identical, is known as sympathetic 
vibration or resonance. The amplitude is small in forced 
vibration, and large in the case of resonance, 
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Demonstration of forced vibration and resonance. (1) A 
simple experiment may be devised to demonstrate forced vibration 
and resonance. Fix a wooden stick horizon- 
tally and suspend from it a number of pen- 
dulums (Fig. 12), of which A should be heavier 
than the rest. The lengths of the pendu- 
lums B, C, D are different from that of 4; 
but the lengths of A and A’ are equal. 


If A is set into vibration at right angles 
to the stick, A’ will soon be found to vibrate 
with a large amplitude. But the amplitudes 
of the other pendulums will be very small. 
The vibration of the pendulum A exerts a periodic force on the 
stick. This is transmitted to the other pendulams and throws 
them into periodic vibrations. The periodicity of the force is 
that of A. As this does not agree with the periods of B, C and 
D, their displacements are small. B, C and D slowly pick up the 
motion of A and vibrate with small amplitude, but have the 
same frequency as that of A. Since the frequencies of A and A’ 
agree, resonance is produced in A’, which vibrates with the 
period of A and acquires a large amplitude. 


Fig. 12 


(2) Two identical wires are stretched side by side under 
the same tension between two bridges on a wooden board, A 
third wire with a different tension may also be placed beside 
them, ‘The first two wires will then have the same natural 
frequency ; but that of the third will be different, If one of the 
identical wires be excited by plucking, its vibration will be trans- 
mitted to the other wires. It will be found that resonance or 
sympathetic vibration is started in the wire identical with the 
first. That the second wire acquires a relatively large amplitude 
due to resonance may be seen by placing at its middle a A-shaped 
paper rider: the rider will be thrown off due to vibration. But 
no such thing takes place on the third wire where the vibration 
is forced and the amplitude small. 


(3) Free and forced vibration in musical instruments. 
Forced vibration and resonance find wide application in musical 
instruments, In stringed instruments like the sitar, violin, esray 
ete, strings are stretched on a thin wooden board. The vibra- 
tion of a wire produces forced vibration of the board and 
thence of air. This intensifies the emitted sound. Though in 
instruments like the sitar, esraj etc. sound is produced by pluck- 
ing or bowing a single wire, each instrument has several strings 
on it tuned to different notes. When a note is sounded on the 
principal wire, sympathetic vibrations are excited in the strings 
tuned to the same note. This increases both the intensity and 
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the pleasantness of the tune, In percussion instruments like 
drums, the intensity of sound is enhanced by the forced vibration 
of the air inside the drum. 


(4) Radio-waves are generated by the oscillations of an 
electric current. The period and frequency with which the 
current is made to oscillate, depend on the characteristics of 
the circuit in which the current flows. Different transmitting 
stations radiate radio-waves of different frequencies. A radio- 
receiver contains within it a circuit in which an oscillating current 
may flow and the characteristics of which may be altered at 
will. To receive the radio-waves from a given station the fre- 
quency of the oscillatory circuit in the receivor is adjusted to be 
equal to that of the incoming waves. Tho latter then set up 
sympathetic electrical oscillations in the receiver, These are 
amplified by valves and operate the loud speaker, Reception 
of radio signals is brought about by resonance, This is why 
only one particular station excites response in the receiver at a 
time. To receive another station the receiver has to be tuned 
to the frequency of that station, 


a 


SUMMARY 


A moving particle is said to execute a PERIODIC MOTION if it returns 
to the same position at intervals of a given period. The periodic motion 
in which the force (or the acceleration) on the moving particle is ropor- 
tional to its distance from a fixed point and is directed towards that 
point, is called a SIMPLE HARMONIC MOTION. The motion of a pendulum 
swinging with a small arc is an example of this kind, Simple harmonic 
motion may also be looked upon as the projection of a uniform circular 
motion on any straight line. 


The motion of a body from one end of its swing to another is called an 
OSCILLATION. It requires two oscillations to complete a vibration. 


A particle in periodic motion executes a COMPLETE VIBRATION when it 
has gone once round its orbit and completed all its movements. The time 
required for a complete vibration is called the PERIOD of the vibrating 
particle, The number of vibrations which a particle executes in a second 
is called its FREQUENCY, If the frequency is m and the period 7’, then 
nT=1, AMPLITUDE is the maximum displacement which a vibrating particle 
undergoes from its mean position, 


By the term PHASE is understood the state of motion of a particle as 
regards its position and direction of motion at any instant. The phase 
of a particle at the initial moment is called its EPOCH, A body is said 
to execute à TRANSVERSE VIBRATION when it vibrates at right angles to its 
length. If it vibrates parallel to its length it is said to execute a 
LONGITUDINAL VIBRATION, The vibration due to a twist is said to be a 
TORSIONAL VIBRATION, 


Simple harmonic motion may be rectilinear or angular, The 8.H.M. 
of a pendulum bob is rectilinear and that of the balance wheel of watch 


is angular. 


VIBRATIONS 17 


A body (capable of vibration) has its own natural frequency with which 
it vibrates when disturbed, This natural vibration is called FREE VIBRATION, 
Application of a periodic force to a body results in the vibration of the 
body with the frequency of the applied force. This is known as FORCED 
VIBRATION, If the natural frequency and the frequency of the external 
force agree, the vibration is said to be SYMPATHETIC or RESONANT, 


EXERCISES 

1. Define periodic motion, period, phase, amplitude and frequency, 

2, What is Simple Harmonic Motion? Illustrate it. Show that the 
motion of a pendulum may be simple harmonic, What condition must be 
satisfied for the purpose ? 

What is angular S.H.M. ! Give two examples. 

3, What are the characteristics of S.H.M.? Show that the projection 
of a uniform circular motion on a straight line is a simple harmonic motion, 

4, What is an auxiliary circle ? Obtain the time-displacement equation 
of a particle executing 8.H.M. 

Represent graphically, for two complete periods, the motion of a body 
executing B.H.M. with an amplitude of 5 cm. and a period of 2 seconds. 

b, What are free and forced vibrations? What is resonance?’ Give 
an example of each, 

6, The needle ofa sewing machine has approximately S.H.M. with a 
path length of 8 cm and makes 600 vibrations per minute, What is its 
displacement 1/80 sec, (3) after passing the centre of its path, ($i) an extreme 
end of its path ? [ Ans: (Ù 18 em. Cii) ‘76 cm], 

7. A particle executes an B.H.M. with an amplitude of 10 cm, It is 
at a distance of 5 cm from its mean position and moving outwards at time 
t=0, Find its epoch, 

If its frequency is 6 vibrations per minute, find the time that elapses 
between the above moment, and the moment (a) it reaches the end of its 


swing, (0) the mean position, for the first time. 
[Ans : 80° ; (a) 5/8 sec. ; (0) 25/6 sec.]. 


8. Show that when a particle is moving in B.H.M., its velocity at a 
distance ¥ g/g of its amplitude away from the mean position is half its 


velocity at the centre of its path. 
Part II—2 


-18 SOUND. 


9. Calculate the phase angles (in radians) of a body in §.H.M. when 
its displacement is half its amplitude, the motion being considered from its 
mean position, Take only one complete vibration. 

[Ans : 1/6; 57/6; 77/6 ; 117/6]. 

10. A body, supported vertically by a spiral spring, stretches the spring 
by 1'5 cm. If it is set in vertical oscillation of small amplitude, what 


will be the periodic time ? (g= 98077), [Ans : 0'246 sec.]. 


1l. Explain the meaning of the terms : phase and phase difference, 


Two particles executing S.H.M. along the same line have the same 
time period, When one is at the end of its Swing the other is at the centre 
of its path. Find the phase difference between the two, 

[Ans : 1/2 or 87/2.]. 


12, A simple pendulum 10 ft. long swings to and fro through a 
distance of 2in. Find the velocity of the bob at the lowest point of its 
motion, the acceleration at the highest point and the periodic time. (g=382 
ft, /sec?), [ Ans : 0°15 ft. /sec. ; 0°27 ft. [sec? ; 8'5 sec, ]. 


CHAPTER II 
WAVES AND THEIR PROPERTIES 


11. Formation of Waves. 


In general, a disturbance created at a place in a material 
medium spreads over the neighbouring regions. When a boat 
is rocked, the water in its neighbourhood is found to be disturbed. 
The rocking of the boat creates a disturbance in the water 
immediately surrounding it, and this disturbance passes through 
the water affecting neighbouring regions of the medium, 


A body vibrating in air sets the air around it in vibration. A 
little consideration will reveal the nature of the vibration. Con- 
sider the vibrating strip in Fig. ll. As it proceeds, say to the 
right, it pushes the air in front of it and thereby compresses the 
layer. When it proceeds to the left, the pressure on the afore- 
said layer diminishes and layer expands. By the time the 
strip completes one vibration, the layer of air in contact with it 
undergoes a compression and rarefaction. Hence the vibra- 
tion of a body oscillating in air will generate alternate condensa- 
tions and rarefactions in the adjoining layer of air. Because 
of the elastic properties of air these condensations and rarefactions 
will propagate themselves from layer to layer (see $ 24). 


When a particle of a medium is displaced from its normal 
position, elastic forces are brought into play which tend to 
restore it to its original position. Due to inertia the displaced 
particle moving under these elastic forces does not however 
stop at its equilibrium position. Like a pendulum bob it is car- 
ried beyond its position of rest and starts vibrating. Ifthe dis- 
placement is small, the restoring force is generally proportional 
to the displacement and acts towards the equilibrium position 
of the particle, Under such conditions the motion is simple 
DM In our discussions we shall assume this condition to 

old. 


In a material medium there exists between two neighbour- 
ing particles such forces due to cohesion (Vide Vol. I, Mecha- 
nies $ 111) that if one of them is displaced, the other is cons- 
trained to follow suit. Hence, if a portion of a medium is dis- 
placed, the disturbance generated will be transmitted to other 
parts of the medium. Since this action is possible in an elastic 
medium, the effect of a force applied at one place of the medium 
may be perceived at a distant point. In this way energy may 
be transferred from one place to another in a medium. 
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12. Wave Motion. 


Let us consider the particles of a medium lying on a 
straight line (Fig. 13). Let one of them be displaced perpendi- 
cular to the line and made to execute a simple harmonic motion 
along its line of displacement. Its neighbour will follow suit, 
but will commence its motion a little behind the former. Be- 
tween these two vibrating particles there will be a small phase 
difference, the first particle leading in phase and the second 
lagging behind it. The vibration is transmitted from particle 
to particle in succession, The phase difference between any 
hui particles will be proportional to the distance between 
them. 
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Fig. 13 (a) 


{ A number of equidistant spheres connected by springs may serve as 
a mechanical model to show the propagation of transverse waves, If the 
end Ais kept vibrating with an amplitude OM a transverse waye will be 
propagated along the spring as shown in the lower diagram. 
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WAVES AND THEIR PROPERTIES 


Individual particles will vibrate with a constant periodic 
time T, The displacements of the particles after intervals of 
time 7/4 are shown in Fig. 13. As may be seen from the figure 
the vibration is gradually transferred from particles on the left 
to those onthe right. The direction along which the vibrations 
are transferred is called the direction of wave-propagation. 
A, B, €, D etc, which are different particles on the line of 
propagation, have been shown separated from one another for 
the sake of clarity. 


When the original particle A has completed one vibration 
and started on the second, the particle at a (Fig. 13) has just 
begun to move. So these two particles will henceforth vibrate 
in the same phase. The phase difference of any particle relative 
to A will increase with its distance from A till it is 27 radians at a. 
Since a phase difference of 27 radians implies an identical state 
of motion, we often say that A and a vibrate in the same phase. 


It thus appears that in the time that the original particle 
executes one vibration, the disturbance moves through the 
distance Aa. This distance 
is called a wavelength. If A 
is kept in continuous vibra- 
tion the disturbance Ee] 
spread continuously from 
to remoter regions of the SPACE ee 
medium. Particles on the Fig. 14 _ 
line of propagation separated by distances which are multiples 
of the wavelength X will differ in phase by multiples of 9m and 
have the same state of motion. A may be considered as the 
source of the waves. If A exe- 
cubes an S.H.M., then at any 
instant the space-displace- 
ment curve of particles lying 
between A and a wil be a  & E Me 
complete sine curve (Fig. . 

14) This space-displacement Fig. 16 

curve is known as the wave form. The time-dis i 
of the point A (Fig. 15) is also a sine curve. The horizontal 
axis in Fig. 14 gives the distance of any point from A, while 
in Fig. 15 it represents the time elapsed since A began to vibrate. 


placement curve 


The state of vibration, i-e», the phase, of every particle along 
the line of disturbance changes continuously. A particle away 
from the source acquires at some later instant the same motion, 
i.e., the samegphase, which the preceding particle had at an earlier 
mom e the wave form (ies space-displacement curve 
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will not remain stationary at a fixed position in the medium, 
but will gradually advance through it (Fig. 16). The advancing 
motion of the wave form, described above, is known as progres- 
sive wave-motion. In progressive wave-motion it is the 
wave-form which advances, not the medium. We also say 
that in wave-motion it is the phase that moves. 


Fig. 16 


The spreading of a disturbance in a medium when a particle 
in it is disturbed is due to the elastic properties of the medium. 
The collective displacements of all the particles generate the 
wave-form. But for convenience of visualisation we often sup- 
pose that the particles are displaced successively by the impact 
of the wave generated by the vibration of the first particle. 


13. Relation between Wave Velocity and 
Wavelength. 


A wavelength is tho distance traversed by a wavein a 
medium in the time that a particle, vibrating under the impact 
of the wave, completes one vibration. It can also be defined in 
an alternative way: The wavelength of a wave is the shortest 
distance between two particles vibrating in the same phase and 
lying on œ line along which the wave is being propagated, 
(Compare the points A, a in Fig. 18. The distance 4a is the 
wavelength.) 

If à is the wavelength and n, the frequency of vibration of 
a particle, then mA is the distance through which the wave will 
advance in one second, Hence the velocity of wave propagation 
or the wave velocity (also called phase velocity) is 


Vn (13.1) 
If the period is 7’, then 
VeA/T or \=VT (13.2) 


Both n and 7' can be defined in relation to the waves. n is 
also called the frequency of the waves and is the number of 
waves [see 8 15 (a)] generated in one second. T is the time 
in which the wave advances by a distance equal to one wave- 
length. 
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14. Wave Equation. 

According to the second definition of wavelength ^ that we have given, 
the phase difference between two particles at a distance à on the line of 
wave propagation is 27, The phase difference between two particles increases 
proportionately to the distance between them. Hence the phase difference 
between any one particle and another at a distance z away from it on the 
line of propagation, is l 


If the displacement of the first particle be represented by Yo™a sin wt, 
then the displacement of a particle at a distance c from it and in the 
forward direction on the line of propagation is given by the equation 


ya 7« sin (wt — B) 


=a sin (ot- PE 2) (14.1) 
Since o=2" and T=NV, we bave Lacs 
T ; NEY, 
ws pu sin (ot - T7.) i 
=a gin o(t — ? ) (14.9) 


=a sin a (Vi-2) (14.3) 


Any one of the above three equations gives the relation between the 
time and the displacement of a particle which is ata distance von the 
line of propagation from an arbitrary origin. Any ofthem may be called 
the WAVE EQUATION. In writing the equation the suffix æ in yz is often 
dropped. The equation represents a wave of constant amplitude moving 
with velocity v in the positive direction of the z-axis. 

If the wave advances in a direction opposite to that in which 4 
increases, its velocity is to be considered negative and V in the above equa- 
tion is to be replaced by — V. Hence, the wave equation in this case will be 
represented by 


Y= sin o (t+ d 


15. Different Types of Waves. 


Waves are ordinarily classified into two types according to 
the direction of vibration of a particle of the medium relative 
to the line of wave propagation, 
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(a) Transverse Waves. If tho free end of a long suspend- 
ed rubber cord is jerked perpendicular to its length, then the 
vibration travels towards the upper end in the 
form of a wave (Fig. 17). Careful observation 
will show that the displacement of each part of 
the cord is perpendicular to the direction of the 
cord, i.¢., of wave propagation. Such a wave 
is called a transverse wave. 

Definition. Waves in which the particles of 
a medium vibrate perpendicular to the line of 
wave propagation, are called transverse waves. 


Visible examples of transverse waves are 
few in number. When a stretched string is 
pulled slightly at right angles to its length and 
released, the string is thrown into transverse 
vibration. Light, heat and radio-waves are trans- 
verse in nature, but their vibrations are invisible 
to the eye. 

The waves on a water surface are 
x often cited as examples of transverse waves. 

Fig. 17 When a small piece of cork oscillates under the 
action of waves on water, its direction of motion is apparently 
vertical while the line of wave propagation is horizontal. But 
it does not really move in a straight line ; the motion is elliptical 
in shallow and circular in deep water. 


In the previous example of the waves advancing along a 
rubber cord (Fig. 17) it will be seen that in one-half of a wave 
the particles are displaced to the right of the equilibrium posi- 
tion and in the other half they are displaced to the left. A com- 
plete wave is made up of two such halves in which the displace- 
ments are in opposite directions. In the case of a transverse 
wave moving in a horizontal plane, the part of the wave above 
the undisturbed plane is called the crest. The part below this 
plane is called a trough. A crest and a trough together make up 
one wave. The words are often used in a wider sense to 
represent the two halves of any transverse wave having displace- 
ments in opposite directions. A succession of waves of finite 
number is called a wave train. Particles on a crest and a trough 
which are at equal distances from the equilibrium position, but 
move in opposite directions, are in opposite phases. 


(b) Longitudinal Waves. If the lower end of a long, ver- 
tical, loaded, elastic cord is pulled downwards and then released, 
every part of it will be found to execute an up and down move- 
ment. The particles of the cord vibrate in a direction parallel 
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to its length. The disturbance thus propagated along the cord 
constitutes a longitudinal wave. 


Definition. A wave in which a particle of the medium 
vibrates in the direction of wave propagation is called a longitu- 
dinal wave. 


Since the particles in this type of waves vibrate in the direc- 
tion of wave propagation, their displacements do not produce 
crests and troughs in the medium. In that part of the wave in 
which the particles move in the direction of wave propagation, 
they come nearer together than their normal distance in the 
medium and form what is called a compression. A layer of the 
medium in this portion is in a state of compression. In the part 
of the wave where the particles move opposite to the direction of 
wave propagation they are farther apart than their normal dis- 
tance in the medium and form a rarefaction. The medium in 
this portion is rarefied. A complete longitudinal wave consists 
of à condensed and a rarefied region. The relative displacements 
of particles in a longitudinal wave along its line of propagation 
are shown in Fig. 18. The particles marked 0, 1, 2 etc., are 
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Fig. 18 


situated on the line of wave propagation, The figures marked TL 
II etċ., indicate the position of particles at intervals of T/12 
where T is the periodic time of vibration of an individual particle. 
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A particle executes an S. H. M. about its mean position of rest in 
the direction of the line of wave propagation. AB or ACis the 
amplitude of this vibration, Any two neighbouring particles 
have a small relative phase difference. 


Fig. 19 represents the wave form of a longitudinal wave, 
The horizontal axis of the figure represents the equilibrium posi- 
tion of the particles, The vertical axis represents the displace- 
ment of & particle along the line of wave propagation. It bears 
a perfect resemblance with the wave form of a transverse wave. 

č bo GADE EE, 


Fig. 19 


A longitudinal wave may be drawn with the help of a 
transverse wave form by rotating through 90° the displacement 
of the particle in the latter. In Fig. 19 both waves are assumed 
to move from the lef& to the right. The displacement of a 
particle directed upward in the transverse wave has beon turned 
to the right, From the figure we find that when tho particles 
move in the direction of the wave, they are nearer together than 
normally. The region of the wave forms the compression. 
Where the particles move opposite to the wave, the region is 
rarefied. 


Fig. 19 (a) 


(Fig. 19 (a) strives further to clarify what has been stated above. 
a, b,c, d etc. denote the undisturbed position of the spheres A, B, C, D 
ete. connected together by springs. If A is made to vibrate along the 
length of the spring with amplitude OM, waves of compression and 
rarefaction will be propagated along the spring. The coils of the spring 
may be compared with the layers of a medium. The positions of the 
spheres st any moment are shown in the upper diagram. In the lower 
diagram their displacements are shown turned to 90°, This is the space- 
displacement graph and gives ths wave form.] 
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16. The Nature of a Wave depends on the 
Elastic Properties of the Medium. 


Whether a wave generated by the vibration of a particle in à 
medium will be transverse or longitudinal depends on the nature 
of the medium. If a vibrating particle of a medium displaces 
others lying in its own line of motion the wave will be longi- 
tudinal. If. on the other hand, the vibrating particle displaces 
other particles lying at right angles to its direction of vibration, 
the wave will bo transverse. 


The direction in which a vibrating particle will cause its 
neighbour to be displaced depends on the elastic properties of 
the medium. Since a fluid cannot sustain a shearing stress, the 
displacement of any of its layers cannot drag a parallel layer in 
its own direction of motion. Hence a transverse wave 
cannot be produced in a gas or liquid. Sincea fluid resists 
deformation in size, a sudden compression of rarefaction applied. 
in a given direction to a gaseous or liquid layer is transmitted 
along the line of the applied forca to adjoining parallell ayers. So, 
longitudinal waves can be propagated in a gas or a liquid. 


A liquid resists an extension of its surface area by virtue of 
the property known as surface tension. Small ripples on a water 
surface are mainly due to this property. Large waves on water 
have their origin in the action of gravity. 


Since a solid can resist the deformations of both size and 
shape, a particle ina solid when disturbed can displace others 
lying in directions parallel or perpendicular to its own direction 
of motion, Hence, in æ solid both longitudinal and transverse 
waves are possible. 


Earthquakes are due to large vibrations in the interior of 
the earth. We feel the shock when the vibrations reach the 
surface. During an earthquake, both transverse and longitudinal 
waves are generated. As they propagate with different velocities 
through the earth’s crust we get two separate responses on the 
eirthquake indicator, i.e., the seismograph. From the difference 
between the times of arrival of these waves, it is possible to calcu- 
late the distance of the epicentre. If an iron rod be struck 
parallel to its length, longitudinal waves are generated init. If 
struck perpendicular to its length the waves generated are trans- 
verse. 


Velocity of wave-propagation—The velocity of wave- 
propagation in a medium depends on the elasticity and the 
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density of the medium. Ifthe bulk modulus of a gas be K and 
its density, p, then the velocity of longitudinal waves in it is 


v= J Kj. p. 
In a solid rod the velocity o! longitudinal waves is 
V= J/Yjo 


where Y— Young's modulus of the solid and 
pits density. 


17. Wave-front and Ray. 


In a homogeneous medium a disturbance produced at a 
point inside it propagates itself in all directions with equal 
velocity. The points upto which the wave advances in a given 
time are equidistant from the source. Hence in a given plane, 
the wave propagates in all directions in the form of circles. An 
advancing wave of this type can be seen on a water surface. 
Particles lying on the circumference of a circle which has the 
source as centre, vibrate in the same phase. On the circum- 
ference of different concentric circles the phases will be different. 
When we consider the pattern in space, particles with the same 
phase lie on the surfaces of concentric spheres. The continuous 
locus of points in the same phase in a medium through which a 
wave is being propagated is called a wave-front. A wave-front 
is circular when a wave from a point- 
source propagates uniformly in a 
plane. Two such wave-fronts, Wi, 
Wa, are shown in Fig. 20. For a 
wave originating at a point source 
inside a homogeneous medium, the 
wave-fronts are spherical surfaces 
Such waves are called spherical 
waves. A finite portion of a wave- 


appears plane. A wave of which 
the wave-front is a plane surface is 
called a plane wave. 

A line indicating the direction 
in which the wave moves from point 
to point in a medium is called a 
ray. Atany point in a medium a 


Fig. 20 
ray is normal to the wave-front. 


18. Huyghens’ Principle. 


Solutions of such problems as the mode of propagation of 
a wave through & medium, the behaviour of a wave in the pre- 
sence of an obstacle and the like, may be obtained with the help 


front coming from a far-off source ` 
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of a principle first enunciated by the Dutch physicist Huyghens 
(1690). The principle may be stated as follows : 


Every point on a wave-front may be considered a new 
source of disturbance from which secondary wavelets go 
out into the medium exactly as from the original source. 
The surface which touches all these wavelets in the 
forward direction at a given instant is the new position of 
the wave-front. 


If the position of a wave- 
front at a given instant be 
known, then, from this prin- 
ciple, we can find the new 
position of the wave-front 
after an interval ¢. For this 
purpose, draw, from each 
point on the wave-front in 
the forward direction, arcs of 
circles with radii r —vt where 
v is the velocity of wave pro- 
pagation. The surface touch- 
ing these ares represents the 
position of wave-front after 
time ¢. In Fig 21, AB is the 
initial and A’B’ the final posi- 
tion of the wave-front, Such d 
properties of waves as reflec- 
tion, refraction, etc., may be ( ) (6) 
easily explained by Huy- Fig. 21 
ghens’ principle. 
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19. Properties of Waves. 


Waves have some properties characteristic of their own, 
They are reflection, refraction, interference and diffraction. 


(1) Reflection and refraction of waves. When a wave 
in a medium is incident on a surface separating it from another 
medium, part of it is turned back into the first medium while the 
rest passes into the second. The first phenomenon is known | as 
reflection and the second, refraction. Reflection and refraction 
occur at any boundary, the elastic properties or the densities on 
two sides of which are different. 

In reflection, the incident and the reflected waves obey the 
following laws: (a) The incident and the reflected rays lie in 
the same plane, and (b) make equal angles with the normal at 
the point of incidence. The explanation of reflection by Huyg- 
hens’ Principle is given in the section on Light (Vol. I, § 130) 

The refracted wave undergoes a change of direction as it 
enters the second medium. The incident ray, the refracted ray 
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and the normal at the point of incident lie in the same plane. 
Further, the ratio of the sine of the angle of incidence to the 
sine of the angle of refraction is equal to the ratio of wave velocity 
(vi) in the first medium to that (v3) in the second. This ratio 
is independent of the angle of incidence and is called the refractive 
index (142) of the second medium relative to the first. 


v 
ipi 
va 


(2) INTERFERENCE OF WAVES, Under the impact of waves, a particle 
in a medium executes oscillations about its position of rest. If two waves 
impinge simultaneously on the same particle in such a manner that the 
displacement of the particle due to one is equal and opposite to that due 
to the other, the particle will remain at rest under the combined effect of 
the two waves. This happens whenever two identical waves (i.¢., waves 
of equal amplitude and wavelength) always act on the particles in opposite 
phases. Two waves may, in this way, nentralise each other's effects, This 
phenomenon is called interference and is a characteristic property of the 
waves, By its means it can be established beyond doubt whether or not 
a given effect is due to waves. The wave nature of light and heat has been 
established in this way. 


(3) DIFFRACTION OF WAVES. If a body in contact with the still surface 
of water be made to vibrate by suspending it from one end of a vertical 


spring, ripples will be generat- 


W, 
W,/ 4 edon the water surface and 
extend outwards in the form 
of circles. If a finite obstacle 


be placed in the path of the 


' E waves, a portion of the wave- 
SHADOW * front will be stopped by it, 
P a i but the rest will inan past 
; M the two edges of the obstacle 
y and bend round it into the 
N shadow region (Fig. 22). B 


diffraction is meant the bend. 
ing of a wave around the edge 
Fig. 22 of an obstacle. 


How this happens will be clear if we draw the wave-fronts from Huyghens' 
principle. In Fig. 22, W, W,, W, ete., are such wave-fronts, The smaller 
the dimension of the obstacle compared with the wavelength, the greater is 
the amount of penetration into the shadow region. 


20. Waves transmit Energy. 


It has already been pointed out that in a progressive wave 
motion the material medium is not transferred from one place to 
another and that it is the wave-form or the phase which moves 
forward. There is yet another entity that travels ; it is energy. 

The vibration of the source throws neighbouring particles of 

ne into vibration. They in their turn, cause other and 

remote particles to vibrate, Motion i$ thus handed on 
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from particle to particle along the line of propagation of the wave, 
A body can set another body in motion only by transferring to 
the latter a part of its own energy. Energy is therefore trans- 
ferred from particle to particle in wave motion. 


The energy of a vibrating particle is partly kinetic and partly 
potential. For a particle in S.H.M. its average kinetic energy 
is equal to its average potential energy. In a portion of the 
medium through which waves are passing, the particles are in 
vibration. Hence this portion of the medium possesses an extra 
energy which it would not do in the absence of the waves. The 
energy which a unit volume of the medium possesses on this ac- 
count is called the energy density of the wave. It is propor- 
tional to the density of the medium and to the squares of the 
amplitude and the frequency. The energy which in unit time 
passes a unit area perpendicular to the line of propagation is called 
the intensity of the wave. Intensity is equal to the product of 
the energy density and the velocity of the waves. 


It appears that there are iwo ways of transferring energy 
from one place to another. One is by transfer of material which 
contains energy, e.g., the motion of a projectile ; the other is by 
wave motion (cf. convection of heat with the former and con- 
duction of heat with the latter). 


SUMMARY 


In an elastic medium the vibration of a particle is transmitted from one 
particle to the next; but between the vibrations of two particles there 
remains a constant phase difference proportional to their distance, In this 
way the effect of a force applied at one point in an elastic medium is 
propagated to other points, Since the particles previously at rest are 
thrown into motion, energy is also transferred in the process. This mode 
of energy transfer is called a WAVE MOTION. The distance traversed by 
a wave in the time in which a vibrating particle of the medium executes 
a complete vibration, is called the WAVELENGTH. If V be the velocity 
with which the wave moves, ^ the wavelength and n the vibration 
frequency of a particle of the medium or the frequency of the waves, then 


Vn 
The wave equation is 


aa 
Yo=a sin Ed (Vt—2) 


Waves are of two types, vizs., (1) transverse and (2) longitudinal. If 
the wave advances in a direction at right angles to the direction of 
vibration, it is transrerse. If the wave travels parallel to the direction 
in which a particle vibrates, the wave is longitudinal, 


The continuous locus of particles in the same phase is called a 
WAVE-FRONT, If an advancing wave-front is incident on the surface of 
separation of two media, a part of it is turned back into the first 
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medium and the rest enters the second with a change in direction when the 
incidence is not normal. The two phenomena are respectively termed 
reflection and refraction, 

Two identical waves falling at a time on a particle may keep it 
stationary though each tends individually to displace it, Thus two waves 
may neutralise each other's effect. This phenomenon is known as 
interference, If an obstacle is placed in the path of an advancing wave, 
the latter bends round the corners and spreads behind the obstacle, This 
phenomenon is known as diffraction. 

Interference and diffraction are characteristic properties of waves and 
establish whether an effect is due to a wave or not. 


EXERCISES 


l. Describe how a vibrating particle generates a wave in an elastic 
medium, 


2. Distinguish between transverse and longitudinal waves, Explain the 
terms crest and trough, condensation and rarefaction, 


8. Define wavelength and establish the equation V=n). 

4, Define a wave-front and indicate how it may be plane. What is 
aray ? 

b. State Huyghens’ principle and discuss its importance. 

6. ‘Wave motion is a method of transference of energy’. Discuss, 


7. A body vibrating with a constant frequency sends waves 10 cm long 
ina medium 4 and 15 cm long in a medium B. If the velocity 
of waves in A is 90 metres/sec, find that in B. Find also the 
frequency. (Ans. 185 metres/sec ; 900 vps.] 


8. A vibrating body sets up three complete waves in 99 cm of air and 
four complete waves in 105°6 cm of carbon dioxide. Compare the 
wave velocities in the two media. [dns : 1: 08] 


9. Bhow that the maximum kinetic energy of a particle of mass m in 
B.H.M. is 27*mn*a* where n is frequency and a the amplitude, 


10. Clarify the statement that in Progressive waye-motion it is the 
phase that moves. 


11, Draw the wave-form of a progressive, simple harmonic, longitudinal 
wave, and mark on it the regions of compression and rarefaction, 
(12 points may be plotted for a complete wave.) 


12. Explain the following terms :— 
(i) Wave-form; (ii) progressive wave ; (iii) longitudinal wave; 
(iv) simple harmonic wave. 


CHAPTER III 


PRODUCTION, PROPAGATION AND DETECTION 
OF SOUND 


21. Sound is due to Vibration of a Body 


When a string in a stringed instrument is plucked or bowed, 
we heara sound. That the sounding string has been thrown into 
vibration can be ascertained with naked eyes. It can also be 
demonstrated by placing a small paper rider at the middle of the 
string. The vibrating string throws the rider off. A drum emits 
a sound when its leather membrane is set into vibration on being 
struck with a stick. A metal pot makes a sound when struck ; 
its vibration can be felt by touching it with a finger. To play a 
flute the column of air in if is made to vibrate by blowing, In 
a harmonium, the reads are made to vibrate by a gust of air. 


To demonstrate that a sounding source is in vibration we 
may take a tuning fork, which consists of a U-shaped steel rod 
provided with a handle. When 
any one ofits arms is struck, 
a sound is produced. If a sus- 
pended pith ball is gradually 
brought near it when it is 
sounding, the ball will be 
thrown off with a jerk as soon 
as it touches the fork (Fig. 
23). The pith ball will be- 
have in the same way when 
brought into contact with any 
other sounding body, say a 
glass or a metal cup struck 
sharply with a finger. Fig. 93 


When the vibration of any of the above bodies is stopped, 
the sound ceases, This shows that sound is due to the vibration 
of a body. The vibrations produce waves in the surrounding air, 
which, falling on the listening ears,.produce the sensation of 
sound. The vibrating body is called the source of the sound and 
the waves in the air are called sound waves. Since only longi- 
tudinal waves can be propagated through a gas, sound waves must 
be longitudinal in nature, 
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The vibration of a tuning fork is Simple harmonie. But this 
does not apply to each and every source of sound, though the 
vibrations in all cases 
are periodic. To show 
that the vibration of a 
tuning fork is simple 
harmonic, we may at- 
tach a pin fo one arm 
of a tuning fork so 
that the pin touches a 
smoked drum (Fig. 24), 
If the drum be rotated 
at a constant speed 
while the fork is vib- 
rating, the line traced 
on the drum will indi- 
cato the time-displace- 
ment curve of the fork. It will be seen that this is a sine curve, 


Fig. 24 


The periodic motion of the source of sound is the cause 
of sound. The frequency of the sound waves due to à 
source is the same as that of the source. If the frequency be 
lower than 30 or so or higher than 20,000 cycles per sezond or 
thereabouts, the waves cannot excite the human ear and no sound 
is heard. The range of audition varies to some extent from 
person to person and with age. The waves generated by vibra- 
tions faster than the upper limit are called supersonic waves ; 
those slower than the lower limit are called subsonic waves. 
Birds and bats are believed to have the power of detecting sound 
waves of higher frequency than man. 


In the study of sound, two aspects should be distinguished. 
One aspect relates to longitudinal waves generated in a material 
medium by a vibrating body. These waves carry energy from the 
vibrating body to the human ear and are known as sound waves, 
This is called the objective aspect of sound. The other relates 
to the sensation produced when the waves reach the ear, This 
aspect is known as the subjective aspect. In a deseited region 
sound waves may be produced, but there may not be anybody 
to hear it. This sound has an objective existence. An altornat- 
ing electric current may produce a sensation of sound in a 
listener's ear, but there may not be any corresponding wave in 
the surrounding medium, Itis proper to Siy that in this caso 
the sound has only a subjective existence. 


Sound energy is no special form of energy. It ds the 
mechanical energy of the vibrating medium derived from the 


mechanical energy of the vibrating source. 
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22, Sound requires a Material Medium for 
Propagation. 


To hear the sound of a vibrating source, energy from the 
source must reach the ear of the listener. It may be experi- 
mentally shown that sound energy 
cannot travel except through a ma- 
terial medium, 


Suspend an electric bell through 
a rubber stopper in a large glass 
bell-jar (Fig. 25) placed on the 
receiver of an air-pump. Ifan elec- 
tric current is passed through the 
bell, its sound can easily be heard 
from outside. As air is gradually 
pumped out of the bell-jar, the 
sound becomes fainter and fainter 
and then almost ceases. The ham- 
mer may be seen to strike the bell, 
but still no sound is audible. If 
air is now allowed to enter the ‘jar 
gradually, the sound becomes louder 
and louder and finally regains its 
initial strength. This proves that 
sound cannot be propagated in the 
absence of a material medium. Fig. 25 


Sound may also be propagated through a solid or a liquid 
medium, In the experiment described above the sound does not 
become totally inaudible. Some sound, though very feeble, may 
be heard by a listener standing close to the jar. This sound is 
conducted along the suspending strings and the wires carrying 
the current as well as through the residual air in the jar. 


Simple experiments may be devised to demonstrate the pro- 
pagation of sound through solids. If a watch is kept at one end 
of a table while the listener sits at the other end, he may not 
hear the tick of the watch. But the sound may be heard by 
pressing the ear against the table top. The sound is propagated 
through the wood. The sound of an approaching train may be 
heard by pressing an ear to a rail before it is heard in air, Sound 
travels much faster through the steel of the rails than through 
air. Australian aboriginals and American Red Indians can detect 
the approach of enemy horsemen and even locate them, by 
pressing the ear to ground. 


A sound produced inside water is not easily heard from 
outside ; but if the ear is inside water, even a feeble sound may 
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be heard. In water sound travels almost four times faster than 
in air, 


23. Sound is Wave-like in Nature. 


In the previous articles we have seen that sound is produced 
by the vibration of a source and cannot be propagated without 
a material medium. From these two facts it may be inferred 
that sound is perceived only when the energy of vibration of the 
Source reaches the ear through a material medium. Now, 
energy may be transferred from one place to another in either 
of two ways, viz. (i) by the bodily motion of matter and (ii) by 
means of waves through a medium, During the propagation of 
sound we do not perceive any bodily motion of the medium, 
This may readily be understood when we consider propagation 
through a solid. There is also no evidence of such a motion in 
gaseous or liquid media. Hence we must infer that sound is 
propagated in the form of waves through a material medium, 
The following facts support this inference. 


(1) Sound moves through a medium with a definite velocity, 
being faster in solids and liquids than in gases. Waves in these 
media behave in the same way. 


(2) Like waves, sound suffers reflection and refraction, 


(3) In special cases, superposition of two sounds may pro- 
duce silence. This is known as interference of sound. Since 


interference is a property characteristic of waves, we conclude 
that sound is wave-like in nature, 


(4) Like waves, sound can bend round the corners of an 
obstacle in its path of propagation. This property, characteristic 
of waves, is known as diffraction and provides an additional proof 
that sound is wave-motion. 


The existence of sound waves has been established by 
photography. 


Sound Waves, as we know, are propagated through fluids, 
and fluids can sustain longitudinal waves only. Hence we are 
forced to conclude that sound waves are longitudinal in nature, 


Summarizing, we may say: The mechanical energy of 
vibration of a source of sound is transmitted through a 
material medium by means of longitudinal waves which, 
pom. on the ear of a listener, produce the sensation of 
sound, 


24. Mechanism of Sound Propagation. 


We shall now discuss how a vibrating source gives rise to 
longitudinal waves in air and how these waves are propagated, 
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Consider a vibrating tuning fork. As it vibrates, its prongs 
move alternately inwards and outwards, When a prong moves 
from B to A (Fig. 26) it compresses the layer of air in front of 
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C Maximum compression ; R=Maximum rarefaction ; 
-N=Normal density ; C to C=One wave length. 


it. The particles of air in the compressed layer tend to relieve 
the strain of compression by moving to the right and 
compressing the adjoining layer. The particles of this layer in 
their turn compress the next layer and so on. In this way the 
compression advances to the right from layer to layer. By the 
time that the prong reaches A this compression advances & 
certain distance depending on the time in which the prong moved 
from B to A. It also depends upon the density and elasticity 
of the medium, As the arm swings back towards B it creates a 
partial vacuum behind it and the layer of air in contact with it 
expands, Ag the particles of this layer move to the left into this 
expanded region, they create a partial vacuum to their right. 
This is filled up by the particles of the next layer. In this way 
a rarefaction moves to the right and follows the compression 
moving in front of it. A compression and a rarefaction together 
form a complete longitudinal wave. 
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As long as the body vibrates, alternate condensations and 
rarefactions take place in the surrounding medium, These alter- 
nate compressions and rarefactions are transmitted through the 
medium and constitute the sound waves, When they fall on 
a listener's ear, the ear-drum vibrates under the varying pressure. 
These vibrations are transmitted to the inner ear, where nervous 
impulses are generated and carried to the brain, which interprets 
them as sound ( § 25 a), 

If a spring is attached to one arm of a fork as shown in Fig. 26, 
alternate compressions and rarefactions may be seen to take place in the 
Spacings of the coils when the fork vibrates. These may be distinguished 
if the movements are not very fast, A turn of the Spring may be likened to 
a layer of air, 

A vibrating body generates sound Waves in the Surrounding air as 
shown diagrammatically in Fig. 27, A Sensation of sound is however not 
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Fig. 27 


produced if the frequency of the waves is outside the appropriate range 
($21. Though they do not produce the Sensation of sound, they have 
the same physical properties as waves which do so, and should be treated 
as sound waves, 


25. Detectors of Sound, 


Sound waves may be detected by placing appropriate instru- 
ments in their path. Such instruments are called sound detectors. 
Besides the human ear, which is a very efficient detector of 
sound, we have other mechanical devices for the purpose, Some 
of the detectors are discussed below : 


(a) The Human Ear. The human ear may be divided into 
three parts, viz., (i) the outer ear, (ii) the middle ear and 
(iii) the inner ear. They are shown in Fig. 98. 
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The Outer Ear. It consists of the pinna (P) or the visible 
part of the ear, the canal (C) and the eardrum (D). The pinna 
is a plate of elastic cartilage which catches the sound waves and 
conducts them through the canal to the ear-drum or the tympanic 
membrane which closes the inner end of the canal. The ear-drum 
vibrates under the impact of the incident sound waves. 
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Fig. 28 


(a) Diagrammatic section of the human ear. (b) Middle ear. 
(c) Transverse section of the straightened cochlea. S. V. and S. T. are the 
two chambers of the cochlea and B, M. the membrane separating them, 

The Middle Ear. It is a cavity surrounded by bones. At 
one end of it lies the ear-drum and a membrane (O) at the other, 
This membrane is called the Oval Window or Fenestra Ovalis 
and forms part of the wall of theinner ear. D and O are con- 
nected by a chain of three small bones forming a bridge. They 
are respectively known as the hammer (H), anvil (A) and 
stirrup (S) because of structural similarity. These bones act as 
levers and transmit the vibration of the ear-drum to the liquid 
in the inner ear. They reduce the movement by about 30 to 1 
and step up the pressure. The stirrup closes the aperture of 
the inner ear. To maintain equal air pressure on both sides of 
the ear-drum, the middle ear is connected to the throat by the 
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Eustachian tube (E). Fig. 93(b) shows the middle ear and a 
part of the inner one. 


The Inner Ear consists of a bony tube, about an inch and a 
half long, coiled into a spiral and called the cochlea (Co). It 
forms the actual hearing chamber and is divided throughout into 
two parts by a membrane stretched along the middle. On this 
membrane there are several thousand tiny fibres (A), of varying 
lengths and tensions, somewhat like the strings of a harp. They 
are connected by nerves with the brain. The cochlea is filled 
with a liquid, 


Action. Sound waves entering the canal of theear give 
rise to foreed vibrations of the ear-drum. These vibrations are 
transmitted through the hammer, anvil and stirrup to the liquid 
in the cochlea and excite responses in some of the fibres, 
Nervous impulses are thereby set up and carried along the 
auditory nerve to the brain where they are interpreted as sound. 
These impulses are electrical in nature ; how the brain interprets 
them is not known. 


The ear is perhaps the most sensitive detector of Sound, "It can interpret 
as sound a vibration of amplitude 13 x 10-5 em and register the reception of 
energy at the rate of 10-13 watt, If energy was passed into one cubic 
centimetre of water at this rate and converted into heat without loss, it 
would take 130,000 years to raise the temperature by 1°C,” 


(b THE MANOMETRIC FLAME. This is a small flame sensitive to 
variation of pressure and js arranged as shown in Fig. 29. A small box 
is divided into two chambers, 4 and B, by a rubber diaphragm D. One 
of these chambers (4) has a pinhole burner P and is connected to a coal 
Eas supply through Q. 
The other chamber B 
is connected to a horn 
R, which collects the 
sound. The sound 
waves produce varia- 
tions of pressure with- 
in the chamber B and 
throw the membrane 
D into vibration. This 
changes the pressure 
of the gas in A and 
causes the flame to 
jump up and down 
with the same fre- 
quency as the waves, 
The motion of the 
Same is too rapid for 
direcc observation, 
When the dame is 
J examined in a rotat. 

Fig. 29 ing mirror (M) the 

variation 4n height ig 

erceived. In this way a sonnd wave incident on the diaphragm of the 

nstrument is detected by a change in height of the flame when viewed in the 
rotating mirror, 
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5 (c) HOT-WIRE MICROPHONE. lt consists of a metal cylinder with a 
wide neck, across the open mouth of which is supported a grid made of fine 
platinum wire insulated from the can (Fig. 80), The wire is kept heated 
to low incandescence by a steady electric 
‘current, When sound waves flow past 
the grid its temperature falls slightly and 
reduces its resistance, An electric circuit 
is so arranged that this alteration in 
resistance causes a current to flow through 
a sensitive galvanometer. Whenever a 
Sound wave or a blast of sound reaches 
the grid, its arrival is heralded bya 
deflection of the spot of light of the 
galvanometer. This instrument was Fig. 30 
devised by Major W. 8. Tucker and 
used in the First World War (1914-18) 
for locating enemy guns. There are a number of holes in the walls of the 
vessel which connect the air inside with the outer atmosphere. This 
prevents the vessel from acting as a resonator and thus prolonging the effect 
of a single compression wave as arises from an explosion. 


SUMMARY 


Bound is due to the vibration of a source. For convenience of discussion 
the vibrations are taken as simple harmonic, though the actual vibrations 
are generally more complicated, The source gives rise to longitudinal waves 
in air (or any other material medium) which, falling on the ear, produce the 
sensation of sound. Audibility is confined within the approximate range 
of 80 to 20,000 vibrations per second, If the frequency be outside this 
range the waves do not excite the sensation of sound in the human ear. 
Waves of frequency higher than the upper limit of audibility are called 
supersonic waves ; when lower, they are called subsonic waves, 


That sound is wave-like in nature, is proved by the following facts : 
(i) It requires a material medium to carry sound from one place to 


another ; 
Cii) the medium itself does not move away bodily when sound passes 


through it ; 

(ii) sound moves through a medium with a definite velocity ; 

(iv) sound possesses such properties as reflection, refraction, interference 
and diffraction, which are characteristic of waves. 

The facts that sound is propagated through a fluid and that fluid cannot 
transmit waves other than longitudinal, show that sound és a longitudinal 
wave-motion, 

HUMAN EAR is one of the most sensitive detectors of sound. It has 
three parts, vis., the outer, middle and inner ear, The onter ear collects 
and leads the sound waves through the canal to the ear-drum. The middle 
ear transmits the vibrations of the drum with lowered amplitude and 
increased pressure to the liquid in the inner ear. The inner ear contains 
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fibres which are excited by the vibrations in the liquid and give rise to 
electric impulses which are carried along the auditory nerve to the brain, 
where they are interpreted as sound. The last part of the process is not 
yet clearly understood. 


The MANOMETRIC FLAME responds to sound waves by an alteration of 
height, In a HOT-WIRE MICROPHONE incidence of sound waves changes the 
electric resistance of a hot wire. This change is made to lead a current 
through a sensitive galvanometer, the deflection of which indicates the 
arrival of a sound wave. 


EXERCISES 


l. How can you show that sound is due to the vibration of a body ? 
2. Describe an experiment to show that sound requires a medium for 
Propagation. 


8, What arguments can you offer to show that sound is wave-like in 
nature and that the waves are longitudinal in character ? 


4. Describe the nature of vibrations generated in theair when sound is 
transmitted through it. 

5. Draw a neat diagram of the human ear, label the parts and state 
how the ear acts, 


6. Describe the working principle of a mechanical detector, such as 
the manometric flame or the hot-wire microphone. 


CHAPTER IV 


VELOCITY OF SOUND 
26. Sound travels with a Finite Speed. 


It takes a finite time for sound to travel from the source to 
the listener. A flash of lightning and the accompanying peal of 
thunder are practically simultaneous events. Since light travels 
with the enormous speed of 186000 miles per sec., the time it 
takes to reach a spectator at a distance of a few miles is negli- 
gible. But sound is not so fast. Hence we always hear the peal 
of thunder some time after we have seen the lightning flash. 
The interval between seeing the flash and hearing the peal depends 
upon the distance of the cloud where they occur. Knowing 
the velocity of sound this distance can be calculated, 


When a gun is fired within visible distance, the report is 
heard a little after the smoke is seen. The interval between the 
two increases with distance. In dry air at 0°C sound has the 
speed of 1089 ft/sec or 331'4 metres/sec. In water this speed 
is about 1457 metres/sec and in iron about 5000 metres/sec. 


27. Direct Determination of Velocity of Sound 
in Air 

The earliest attempts at finding the velocity of sound in 
the open air date from the beginning of the eighteenth century. 
‘Lhe direct method was applied, in which two observers were 
stationed at a distance of a few miles. One of them fired a 
gun and the other measured carefully the interval between seeing 
the smoke and hearing the report. If the distance between the 
observers was S and the time interval t, then the velocity of 
sound would be Y — S/t. 


Sources of error in the direct method. Though the 
arrangement gives the velocity of sound very easily, the method 
cannot yield accurate results because of the following reasons : 


(a) It is impossible for anyone to start his watch (or note the 
time) at the instant that he sees the smoke ; there is always an 
interval between the two actions. This interval is known as the 
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reaction time and varies from person to person, It may be 
1/10 sec. for One and § sec. for another. The error due to it 
diminishes as the distance separating the stations increases. 


(b) The velocity of the wind affects the velocity of sound. 
When both sound and wind move in the same direction, the 
apparent velocity of sound increases, If they are in opposite 
directions, the apparent velocity diminishes, 


(c) The velocity also depends on the temperature and 
humidity of the air through which sound travels, 


How to reduce the errors in the direct method. (a) To 
avoid the personal error human observers are entirely dispensed 
with. Some mechanical device in which the time-interval ig 
automatically recorded by electrical means may be adopted 
instead, A workable arrangement is desoribed below : 
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Fig. 81 
T2 Time markings; a and b= traces left by the galvanometer Spots, 


Two hot-wire microphones (f, Mı, Fig. 31) are kept at 
two distant stations A and B. Wires attached to the platinum 
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grids are led to two galvanometers placed side by side at some 
convenient place of observation. Two beams of light, one from 
each galvanometer, are focussed side by side on a photographic 
film. The film moves uniformly at right angles to the direction 
of motion of the galvanometer spots. When the spots are 
stationary, the record on the film is that of two parallel straight 
lines. There should be an arrangement for marking on the film 
time-interyals of 1/10th of a second or even less. As a gun is 
fired at one of the stations the arrival of the pulse of sound at 
the microphones is registered on the film by a kick of the cor- 
responding galvanometer spot. The time-interval between the 
two kicks can be determined from the time markings on the film. 
From the time.interval and the distance between the two 
stations the velocity of sound can be calculated. 


(b) The effect of wind may be eliminated by the method 
of reciprocal observations. It consists in firing a gun and noting 
the time taken by the report in travelling over the distance 
between the microphones in each direction. The mean of the 
two values gives the correct time provided that the wind velocity 
is constant and that the velocity of wind is small compared with 
that of sound, 


(c) To eliminate the effect of temperature and humidity, 
these values must be determined at different places along the 
line gading the stations and proper corrections applied to the 
result, 


28. Newton’s Formula for the Velocity of Sound. 


It was proved by Newton that if E be the coefficient; of 
elasticity of a medium and p its density, then the velocity of 
longitudinal waves in it is given by 


Vo= JElp 


A fluid medium undergoes changes of volume as a sound 
wave passes through it. The appropriate elastic modulus in this 
case is the bulk modulus (X). Hence, in such a medium the 
velocity Vo of the body is given by : 


Vo J/K/p 


It follows, therefore, that the velocity of longitudinal waves 
in a gas or in a liquid changes if for any reason K or p changes. 


It can be shown that in the case of a gas, the bulk modulus 
K is equal to the pressure of the gas. Let V be the volume of 
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a layer of gas when the pressure is P. While the wave is passing 
through the layer let its pressure at any moment be P+p and 
its volume V-—v. If the change is isothermal, i.e., if the tem- 
perature of the layer does not change with the change of pressure, 
then from Boyle's law 


(P+p) (V-v)=PV 
or PV—-PvtpV-pv—PV 
Since both p and v are small we may neglect the product 
pv. Then 
Pv=pV 

or P=- .. change of pressure on the layer _ stress 

v/V its change of volume per unit volume strain 

= 
K 


4. Fora gas, Vo= JP/p 


From this equation the volume of V, or the velocity of sound 
in open air, can be calculated, Taking the normal atmospheric 
pressure P=76X13°6X980 dynes/em?, and the density p of 
air at N.T.P. —'001298 gm/em?, we get 


y,-,//796X136x980 cm 
7001293 sec 


=286 metres/sec. 


The experimental value, 332 metres/sec, is much higher 
than this calculated value. Evidently, there must be some 
error in Newton's assumptions. 


29. Laplace's Correction. 


Laplace* pointed out the error in Newton's formula and 
corrected it. Newton’s assumption that the changes in volume 
were isothermal, was considered incorrect by Laplace, 


*Pierre Simon Laplace (1749-1827), french mathematician and astro- 
nomer, son of a small farmer, was born in Normandy and owed his educa- 
tion to his rich neighbours. His contributions to celestial mechanics and 
the theory of probabllities are unique, He was also a gifted popular 
writer on mathematical topics. Some of these are masterpieces of French 
language, 
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According to Laplace, the heat generated by the compres- 
sion of layers does not find time enough to be conducted away 
due to the rapidity with which the compression and rarefactions 
occur. So the change of volume cannot be isothermal. In that 
case, the change of pressure should not obey Boyle’s law. As 
the layers can neither communicate heat to, nor receive heat 
from their neighbours, the relation between pressure and yolume 
should be the one which holds under the adiabatic* condition. 
This relation is given by 


PY — constant. 


[visa constant. It is the ratio of the specific heat of the 
gas at constant pressure ( Cp ) to that at constant volume ( C, ). 
For monatomic gases like He. A etc. y = 1°67; for diatomic 
gases like H5, No, O2 etc., y=1'40 nearly.] 


Thus the correct relation between pressure and volume during 
the passage of a sound wave through a gas will be 


Py’=(P+p)(V—»)” 
ay v 
-v'ey(i- 2) 


: - a ing EER cres 
gi P=(P+p)(1 ryt ) 
(expanding by the binomial theorem) 


E NE LES] 
=P yy? "y 


Neglecting pv as before since both p and vare small, we 
have 


_ pb _ Stress 


c vb du 


x Vo=, J2 (29.1) 


“An adiabatic change is one in which no heat is allowed to enter or 
leave a body daring the change. 
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Taking y = 1'404 for air, we find from this formula that 
the calculated value of tbe velocity of sound for air at N.T.P. 
agrees remarkably well with the experimental value. Laplace’s 
assumption is therefore justified. 

Calculation of Vo at N.T.P. according to Laplace's 
formula 

Here P = 76X13'6x980 dynes/em?, y= 1404 and 
p='001298 gm/c.c. for air. Hence in air 


Vo=, / 1404X76X18'6x 980 em 
“001293 sec 


=332 metres per sec. 


30. Factors which affect the Velocity of Sound 
in Air. 
The factors which affect the pressure and the density of air 
also affect the velocity of sound through it. 


(1) Effect of pressure. If at constant temperature the at- 
mospheric pressure falls from P to P’ the volume of a given 
mass of air will increase from V to V’, Then according to Boyle's 
Law, 

PV=P'y’ 
i y 

If p and p'are the initial and final densities, then, since 

density varies inversely as the volume, we get 


PIP = V'IV = pip’ 
pp 


or, IE 


P p 
If V’, be the velocity of sound under the altered pressure, 


then 
Voz yP' he: d 
JS = = Vo, 
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which is the initial value. Hence, the velocity of sound does 
not change with pressure if the temperature remains 
constant. The reason, as we have seen, lies in the fact that so 
long as the temperature is constant the density is proportional to 
pressure, i.e., the ratio P/p is a constant. 

(2) Effectoftemperature. Density of air changes with 
temperature according to Charles’ Law. If p and p; be the densi- 
ties of the medium at 0°O and 1*0 respectively, then this law 
states that 

po pi (1 — at) 
where a is the coefficient of volume expansion per °C and is very 
nearly equal to 1/273. 
If Vo and V, be the velocities at 0°C and ¢°C then 


Ee DE 


à 5- Gopi saat (30.1) 


(a) When the temperature change is small. Expanding 
the right-hand side by the binomial theorem and neglecting terms 
like a?/? because «is small and ¢ is not very large, we get 


Ve 

Vo Th 
or, Ve=Vo(1+ fat) (30.2) 
So, the velocity of sound increases with increase in tem- 


perature. Since Vo=332 metres/sec and a= a5 per °C for 


air, we have, 
increase in the velocity of sound in air per 1°C rise in 
temperature 


=}a Vo=}xX $5 X 332 metres/sec. 


=61 cm/sec. 
The velocity of sound increases by about 61 cm/sec for 
every 1°C rise of temperature. 
Part II—4 
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(b) For any change of temperature. If the velocity of 
sound in dry air at temperatures /,^0 and 1;"0 be V, and Vo 
respectively, we have from equation 30.1 


Vi — Vo J1-rat; and Va A'1-Eat, 
a 2784 Ty eeu 
But 1+aty 213 = 273 and 1l+at, 278 


where T; and T are the absolute temperatures corresponding 
to 41°C and t0. ! 


Yi Nitai Ti 
rm ES oe — H 30. 
V2 Jiean N Ta we 


or Va ek (30.4) 


Hence 


ie, the velocity of sound in a gas is proportional to 
the square root of the absolute temperature. 

(3) Change of velocity when both pressure and temper- 
ature vary. Let the velocity of sound in a gas at pressure P, 
temperature ż1°0 and density p; be Vi. To find the velocity Va 
at pressure Pa, temperature t0 and density Pa, we may pro- 
ceed as follows : 

4:°O=(273 +t) K — T£? K (say) 
490 - (213-13? K — Tà^K (say) 


From equation 36.1 HEAT, Vol. I, we have 
2E udi E 
pi T3. pa To 
Ps_Pi T: 
p p T 


Vm f se [Pix [Trey sft 
pa pi T3 "AT. 1 
This shows that when both pressure and temperature 


change, the velocity is not affected by the change of pressure. 
Its change is due to the change of temperature only. 


(4) Effect of humidity. Water vapour is lighter than air 
and has a specific gravity of 5/8 relative air. Hence, the den- 
sity of air diminishes as its hamidity, ie., moisture content, 
increases, Sound, therefore, travels faster in humid air than in 
dry air. f ^ 
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(5) Effect of wind. Air in motionis wind, Hence, if the 
wind blows in the same direction as the sound, the velocity of 
sound obviously increases as the medium itself is in motion. If 
the wind direction is opposite, the velocity of sound relative to 
the earth diminishes. It may be noted that the velocity of sound 
relative to the medium does not change in either case. Itis the 
velocity relative to the earth that changes. 


(6) Effect of intensity. In his classic experiments on 
the determination of the speed of sound in tubes in the years 
1862-66, Regnault found that the speed decreases with decreas- 
ing intensity and tends towards a lower limit for very’ feeble 
sounds. The difference, however, is small and is about } of 1%. 
Miller (1934), who, in his experiments on the determination of 
the open air speed of sound used huge coastal defence guns of 
the U.S.A. as sources, found that close to the gun the speed of 
propagation is anomalous and abnormally large. This effect is 
believed to be due to the change in the wave form close to the 
source of a loud sound. 

(7) Effect of frequency. Violle and Vautier (1905) found 
that the speed of sound is independent of the frequency. This is 
the reason why an orchestra appears equally pleasing at consider- 
able distances as near by. If the notes of different frequencies 
of an orchestra travelled with different speeds, the quality of the 
music would alter with distance. This is not borne out by facts. 


Velocity of sound in other gases. The velocity of sound in 
other gases obey the same laws as in air. Densities being differ 
ent, velocities in different gases at the same temperature and 
pressure are also different. Where y is the same or two gases 
the velocities in them under the same pressure and temperature 
are inversely proportional to the square roots of the densities, 
Since the density of a gas is proportional to its atomic weight, 
we may also say that the velocities in two gases of the same y 
and under identical conditions are inversely proportional to the 
square roots of their atomic weights. 

EXAMPLES, (1) If the pressure in a vessel containing hydrogen be 
equal to that due to 76 cms ‘of mercury, find what will be the velocity of 
sound through hydrogen, given that its density under the given conditions 
is '09 gm/litre (y=1'41 and g «981 cms/sec?). 

Solution : ‘09 gm/litre='00009 gm/c.c. 

2 ye, fe 
P 


YET 18:8 x 98) 
= "00009 


2126 x 10* cm/sec. 
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(2) At 80°C the velocity of sound in air is 350 metre/sec. What is 
the value at 0?C ? 


Solution: Applying the relation Vi Vo(1-- $4) 


1 ap) y, x 576 
we have 3850-2 YV, (3x :7,X80) Vox P 


^ Vo=350x EU metres/sec, 


[Or apply Eq. 30.4]. 


(8) If the velocity of sound in open air at N.T.P. be 330 metres/sec 
what will be its value at 50°C and 70 cms of pressure ? 


Solution: Change of pressure will not affect the velocity; it will 
change because of the change in temperature. 


Vso=Vo (1 340 
1 
=330 Cex x80) 


=330x s 78602 metres/sec, 


[Or apply Eq. 30.4] 


31. Velocity of Sound in Liquids and Solids. 


In solids and liquids sound travels much faster than in gases. 
In water, its velocity is nearly four times as great asin air. In 
iron the velocity is about 5100 metres/sec, In liquids the velo- 


city is given by LN d z| where K is the bulk modulus and p 
the density of the liquid. In solid rods Ve Y/p where Y 


is the Young's modulus of the material, 


Velocity of Sound in different media 


Gases at. N.T.P. Solids and water 
metres/sec 
Air 331'9 Copper 3970 
Hydrogen 1986 Steel 4700-5200 
Oxygen 3172 Glass (soda) 5000-5300 
Sulphur dioxide 209 Water (at 25°C) 1457 


Sea water at 18°C 1730 
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SUMMARY 


To find the velocity of sound in open air sound is produced at one 
station and received at another. The time;interval between these two 
events is accurately measured, Errors may be minimised by using mecha- 
nical detectors of sound combined with an accurate time-measuring device 
and taking reciprocal observations, The effects of temperature and humi- 
dity are to be allowed for. 

In deducing a formula for the velocity of sound through a gaseous 
medium, Newton assumed an isothermal condition to hold and found 


v= rp T But Laplace argued that the condition that holds is adiabatic. 


According to him V= YE Laplace’s formula gives excellent agreement 


with observed values. 


(i) Change of pressure without that of temperature does not 
velocity of sound in a gas (because density is proportional to pressure). 


alter the 


Cii) Change of temperature, whether accompanied by a change of pres- 
sure or not, changes the velocity as the square root of the absolute 
temperature. 

Also V=Vovi+at 

For every 1°C rise in temperature velocity of sound in air increases by 
about 61 cms/sec. 

Gii) Sound travels faster in humid air, the latter being lighter than 
dry air. 

(iv) Wind changes the velocity of sound in air relative to the ground, 

Under identical conditions velocities of sound in two gases having the 
same value of y are inversely proportional to the square roots of their 


atomic weights. 


EXERCISES 


1, Describe a method of finding the velocity of sound in open air. 


What are the pussible sources of error and how can they be eliminated ? 


2, Give Newton's formula for the velocity of sound in agas. What 


correction has been applied to it by Laplace and why f 
3. Discuss how the velocity of sound in air is affected by humidity, 


change of pressure and temperature, 
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4. If a splash is heard 4'23 seconds after a stone is dropped into 
a well 78'4 metres deep, calculate the velocity of sound in air. (g=980 
cm/sec”), [ANS : 841 metres/sec] 


5, Agasisenclosed in a vessel. Discuss how the velocity of sound 
in the gas would change if the vessel be heated. Neglect the expansion of 
the vessel. . 


6. A tuning fork vibrates 200 times a second and sets up a wave 
which travels out at the speed of 1100 ft. a second. Find the period and 
wave-length of the wave. [ANS : 1/200 sec. 53 ft.] 


7. Taking 1420 ft.[sec as the speed of sound. in air find the number 
of vibrations which a fork of frequency 264 must make before the sound 
is heard at a distance of 154 ft. [ANS : 36:8] 


8. A body vibrating with a certain frequency sends waves 16 cm long 
through a medium 4 and 20 cms long through a medium B, If the velocity 
in A be 120 cm/sec find the velocity in B. [ANS : 160 em/sec] 


9. How can the distance of a lightning flash be approximately cal- 
culated? A thunder clap is heard 10 seconds after the lightning flash is 
seen. How far off was the explosion ? (Velocity of sound is 1120 ft /sec.) 


10, On what ground can it be asserted: that musical sound of high 
and low pitch travel with the same speed? What effect does a rise in tem- 
perature produce on the velocity of sound in air? The velocity of sound 
is 1090 ft/sec. at 0?C. Find the velocity at 17°C. [ANS : 1124 ft/sec] 


ll. Two observers A and B are stationed on two hill tops separated 
by a distance of 5 miles. A fires a shot, The time-interval between the 
flash and the hearing of sound by B is 24 secs. When B fires a Shot, the 
same time-interval observed by A is 931 secs. Caleulate the velocity of 
sound in still air as well as the component of wind velocity in the direction 
of the line joining the observers. [ANS: 1122 ft/sec; 14'6 m.p.h.] 


12. A body of troops marching behind a band always appears to an 
onlooker to be slightly out of step. Account for this, 


Do their steps sound together to a man (a) in the front, (ò) in the 
rear, of the column ? Justify your answer, 


What length of column marching 180 steps per minute would have the 
rear ranks apparently out of step, bnt keeping time with the front ranks ? 
(Velocity of sound in air=1120 ft/sec). [ANS : 517 £t,] 


CHAPTER V 


REFLECTION AND REFRACTION OF SOUND 
32. Reflection of Sound. 


A part of the sound waves incident on the surface of separa- 
tion of two homogeneous media is reflected back into the first 
modiam. If there is a change of density in any part of a medium 
partial reflection of sound waves also occur at the surface separat- 
ing the two portions of different densities. The geometrical 
laws of reflection of sound waves are the same as those of light 
waves. But this is not ordinarily appreciated because the sound 
waves are long and it requires large reflectors to reflect sound 
in the samo way as light. Sound is reflected from walls, hills, 
rows of trees ete. The most familiar example of the reflection of 
sound is the echo. J 


(a) Reflection at a plane surface. To demonstrate the 
reflection of sound on a moderate scale we require a source emit- 
ting sound waves of short 
length. This is provided by the 
ticking of a small wateh. Two 
hollow tubes T7, and Tz are 
held at equal angles to a wooden 
plank AB (Fig. 32) in a plane 
at right angles to the plank. A 
wooden screen S separates the 
remote ends of the tubes. When 
a watch is held at one end of a 
tube, as shown in the figure, an 
^ ear applied to the remote end of 
Fig. 32 i . 

the other will hear the tick of 
the watch by reflection from AB, as S cuts off the direct sound, 
If one of the tubes is slightly tilted, the tick will no longer be 
heard. This shows that when sound is reflected the angle of 
incidence is equal to the angle of reflection. 


(b) Reflection at a concave surface. Two concave mirrors, 
M, and Mo, are kept facing each other at a distance (Fig. 33). If 
a ticking watch is 
placed at the focus of 
one, and a horn (R) 
to receive the sound 
at the focus of the 
other, sound could be 
heard by Aside a E 
the ear the free en 
of a rubber tube Fig. 68 
attached to the horn. If R is placed at points other than the 
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focus, a sound will hardly be perceived. Sound rays from the 
iocus of the mirror are rendered parallel by reflection in Mı. 
After incidence on M; they converge to its focus. 

not very long distances without loss of intensity a speaking tube 
(Fig. 34) is often 

used. If & sound 

is produced at the E NST NC 
the sound waves | WZ \ 
that enter the tube ^ 
cannot spread out Fig. 84 

ing volume ofair. They suffer repeated reflections at the inner 
walls and are confined to the air within the tube. For this 
reason, the intensity does not decrease according to the law of 
The doctor's stethoscope works on the same principle. The 
horn of a gramophone or a megaphone similarly prevents the 
Spreading of sound and keeps the intensity high, 

A sound heard by reflection and clearly distinguished from 
the original is called an echo. For its formation an echo 
requires a suitable reflector such as an extended wall, a cliff ete., 
the sound. To hear the sound and its echo separately the 
reflector must be at a sufficient distance, which may computed 
as follows : 
of a second aftar it is heard. Hence to recognise a sound and 
its echo as separate, at least this interval must elapse between 
them. In our country, the velocity of sound under ordinary con- 
ture in the air) is about 1150 ft./sec. In 1/10th of a second sound 
travels 115 ft. in theair, Thus to hear distinctly the echo of a 
sound of short duration, the distance between the source and the 
source and listener are close together. 

The maximum rapidity with which a man can utter short, 
clearly audible syllables is about five per second. This means 
of sensation together is 1/5 sec, If the echo reaches the listener 
at the end of this time the complete echo could be distinguished, 
In this time sound travels 1/5x1150-2230 ft. Hence, tho 


Practical application of reflection, To transmit sound over 
mouth of a tube, 
in a rapidly increas- 
inverse squares as it would do if the waves could spread out, 
33. Echoes 
whose irregularities are small compared with the wave-length of 
A sensation of sound persists in the brain for almost 1/10th 
ditions, (a mean temperature of 25°C and a fair amount of moig- 
reflector must be at least 57'5 ft., it being presumed that the 
that for a single syllable, the duration of sound and the persistence 
reflector must be at a distance of 115 ft, 
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If the sound is bisyllabic, the time that the sound and its 
sensation last is 2/5 sec. The distance sound travels in this time 
is 460 ft. Hence, if the reflector is 230 ft. away the complete 
echo will be heard. If however the reflector were nearer, say 
115 ft. away, the echo of the first syllable will be superposed on 
the second syllable and be confused and indistinguishable. The 
echo of only the second syllable will be heard distinctly. 


Note that the above calculation is based on a velocity of 
1150 ft./sec. If the velocity is different the distance will change. 

The rumbling and rolling of thunder is due to the echoing of 
& peal of thunder from a number of reflecting surfaces such as 
clouds, rocks, mountain sides, forests, surface of separation be- 
tween air currents, etc. The continuous rumbling is due to the 
fact that echoes reflected from different sources enter the ear at 
intervals of less than 1/10th of a second. 


In big halls it is often noticed thata continuous-rolling of 
sound persists for some time after a loud sound has ceased. This 
is known as reverberation and is dueto multiple reflections from 
the walls. At every reflection there is some loss of energy due to 
absorption, If absorption at the walls is small, the sound waves 
last long enough before they become inaudible, and give rise to 
the reverberation. Open windows are very effective in reducing 
reverberation, since sound waves incident on them pass into the 
outer atmosphere and are completely lost to the room. It is to 
prevent these reverberations and enhance the absorption of extra- 
neous sounds that large halls and cinema houses are carpeted and 
part of the walls thickly cushioned with soft, sound absorbing 


materials. 


Echoes are exploited by whalers in Arctic waters to locate an 
iceberg (or land) in a dense fog or at night. For this purpose a 
whistle is sounded or a short sharp sound made. By timing the 
interval between the signal and the receipt of the echo an iceberg 
may be roughly located and the boat steered clear of it. 


Echo depth-sounding. Depths in the sea are often measured 
by timing the reflection of a sound from the sea-bed, There are 
many compact devices used for the purpose Though they differ 
in details they employ the same principle, which is as follows : 
A sharp sound (e.g. a detonation) is produced near a hydro- 
phone (a device similar to a microphone) submerged in the 
water, The hydrophone responds twice to the sound, once to 
the original one and again to the waves reflected from the 
sea-bed. The time interval between the two events is auto- 
matically recorded on a device which also measures short time 
intervals accurately. If the time between the two responses at 
the hydrophone is ¢and the velocity of sound in sea-water is 
V, then the depth at that place is d=4V¢. 
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Tf a sharp sound is made near a flight of steps, „the reflec- 
tions from adjacent steps will reach the listener in a regular 
succession. This may be fast enough to give rise to the sensation 
of a musical note. 


EXAMPLES: (1) The complete echo of a pentasyllabic word can be 
heard from a reflector. What is its minimum distance if the velocity of 
sound is 332 metres/sec ? 


Solution: A monosyllabic word requires 1/5th of a second to utter 
and for its impression to die, Fora pentasyllabic word the corresponding 
time is1 second. During this time sound travels 882 metres, Hence the 
reflector must be at a distance of at least 332/2 or 166 metres, 


(2) Aman standing between two parallel hills fires a gun and hears 
two echoes, one 24 seconds and the other 31 seconds after the firing. If the 
velocity of sound is 330 metres/sec., find the distance between the two hills, 
How long will it take him to hear the third echo ? 


Solution: The first echo is received after 2} seconds. Hence the 
sound has been reflected 1j second after the firing. In that time the 
sound travels 330x11-—412:5 metres. Hence the distance of one of the 
hills is 4125 metres. Similarly, the distance of the other hill is 
830x 85 x $=577'5 _metres. So the separation of the two hills is 
412'5 +577°5=990 metres, 


The first and the second echoes will again be re-echoed from the second 
and the first hills respectively. For this the sound must altogether travel 
the distance between the hills twice. Hence the third écho will be heard 
2x990+330=6 seconds after the firing. Note that this echo is formed 
by one refleetion at each of the two hills. 


34. Refraction of Sound, 


Sound travels in straight lines through a homogeneous 
medium with a constant velocity. When it encounters a second 
medium (or a portion of the same medium with a different densfty) 
a part of it enters the second medium and moves with n different 
volocity. Ifthe incidence on the surface of separation is not 
normal to the surface, the waves alter their direction of motion, 
This phenomenon is known as refraction. The change of direc- 
tion is due to differenco in velocities in the two media, An expla- 
nation of this on the basis of Huyghens' principle has been given 
in the section on Light ($ 131) in Vol. I of the book, Refraction 
of sound waves obey the same laws as those of light, In a 
medium where the sound velocity ig less, rays of sound bend 
towards the normal. This happens in denser media. As in the 


case of light, the index of refraction of the second medium relative 
to the first is 


= Velocity in the first medium 
MuR RPSL lr 


p Velocity in the second medium 
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Sound, like light, may be refracted by prisms and lenses of 
suitable material. The geometrical relations for the two are the 
same, but owing to the largeness of the scale such experiments on 
sound are inconvenient to perform. Focussing of sound rays by a 
lens may be demonstrated by using a lens-shaped bag with very 
fine rubber walls filled with carbon dioxide. Such a convex bag 
acts as a converging lens, This is illustrated in Fig. 85. If the 


Fig. 85 


bag is filled with hydrogen it acts as a diverging lens, since sound 
travels faster in hydrogen than in air. 


Refraction by air of varying temperature. A sound on 
shore may be heard from a good distance on a boat on an expanse 
of water at night ; but under the same conditions it may not be 
heard at daytime. This is due to refraction, arising out of varia- 
tion of temperature at different altitudes. At night the air just 
above the water is cooler, but higher up it is warmer. Hence, 


Cid a ra aes COLD ADR s SS 
wN Up 5 SS 


— — o mÓ— M QA PI GRE 
IM CL ILIO ————- 
Fig. 86 


the sound travels faster ip the upper layers than in the lower ones. 
As n result, the upper part of. tho wavefront precedes the lower 
part (Fig. 36), and the waves bend downwards, This pheno- 
menon may be compared with a supsrior mirage (See LIGHT, 
Vol. I, p. 641). At daytime the entire phenomenon is reversed 
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as the air in contact with the water is hotter. In this caes, the 
sound waves bend upwards and do not reach the boat. 


Refraction due to wind. Sound from a source is better 
heard in the direction in which the wind blows than against ib. 
The whistle of a train or the tolling of a bell from a temple or & 
church is heard when the wind is from its direction, while it 
may be quite inaudible at other times. When wind blows, the 
upper layers of air move more quickly than the lower since the 
latter are retarded by trees, houses etc. on the ground. The 
wavefront of the sound moving in the direction of the wind there- 
fore bends downwards. Moving against the direction of the wind 
they bend upwards. 

Beports of very loud explosions may be heard at distances 
where the ground wave does not reach. This is due to total re- 
fraction from layers of air high up in the atmosphere where the 
temperature of air begins to increase. In this way the existence 
of an atmosphere at a height of 25 to 40 miles has been estab- 


lished. The effect is somewhat similar to the formation of 
superior mirage, 


SUMMARY 


Sound waves are reflected and refracted in the same Way as light 
waves, and obey the same geometrical laws of reflection and refraction, 
Owing to the difference of scale, experiments on the reflection and refrac- 
tion of sound are inconvenient to perform. In a doctor's stethoscope or 
a speaking tube the lowering of intensity of sound with distance is 
prevented by multiple reflections, 

An echo is due to reflection, To hear separately a sound and its echo 
the reflector needs to be placed at a certain minimum distance from the 
Source, Depths in the sea may be determined by echo-sounding. 

Refraction of sound occurs due to (i) change of medium, (i4) change of 
density due to temperature and (iii) wind, 


EXERCISES 
1, Describe how reflection of Sound waves may be experimentally 
demonstrated. What laws does it obey ? 
Illustrate how reflection of sound waves has been Profitably utilised, 


2. Explain the production of echoes and discuss the conditions favour- 
able for hearing them. 

What causes the rumbling of thunder ? 

An echo repeats four syllables, How far is the reflector from the source f 
(Velocity of sound=1120 ft./sec), Ana: | 448 ft,)) 
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8. An engine approaching a hill whistles from a distance of half a mile 
from it. The echo is heard 44 seconds later. If the train travels at the rate 
of 50 miles an hour, find the velocity of sound in air. 

[Ans ; 1100 ft./sec.] 

4. A short sound is made in front of a walland the echo is heard after 
1'6 seconds. Moving closer to the wall by 33 metres the sound is repeated, 
The echo is then heard 1'4 seconds later, Calculate the velocity of sound in 
air and the distance of the wall. [4ns: 880 metres/sec ; 264 metres, ] 

5. Explain why in the evening of a hot day sounds ‘carry’ well along 
the ground, 


6. How do you explain the fact that the distance at which a loud sound 
(such as the discharge of a gun) is heard, varies from day to day ? 


7. Explain why sound is heard at greater distances (a) in the direction 
of the wind than in the opposite direction, (b) over the surface of water 
than over land, particularly in the evening. 


8. A boy claps his haud in front of a staircase and hears a musical 
Sound. Explain. 


If the velocity of sound is 1120 ft./sec. and each step 1 foot in depth, 
what will be the frequency of the sound heard ? [Ans: 560 per sec.] 


9. Sound waves of length 84'5 cms moving in air fall on a layer of 
carbon-dioxide at an angle of €0? with the surface. Calculate tho angle of 
refraction in CO, gas if the velocities of sound in air and CO, are 830 and 
265 metres per second respectively. What is the wavelength of the sound in 
co,? [Ans: About 24°; 27°6 cm.] 


10, A pilot fires a gun from an air plane flying horizontally with a 
velocity of 180 metres/sec and receives the echo from the ground after 
8 seconds, Assuming the velocity of sound to be 880 motres/sec find the 
altitude of the plane. [Ans : 1106 metres.] 


ll. A man standing between two parallel cliffs fires a rifle. He hears 
one echo after 1} seconds and one after 2} seconds, and one after 4 seconds. 
Explain how these echoes reach him, and calculate the distance apart of the 
two cliffs, (Velocity of sound 1190 ft./sec.) [Ana : 2940 ft.] 

12. A steamer approaching a cliff whistles, and the echo is heard 
after 10 seconds, Five minutes later the interval is found to be 8 seconds. 
How far is the steamer now from the cliff and how fast is she moving ? 
(V elocity of sound=1120 ft/sec.) [Ans : 4495 ft, ; 8°75 ft/sec.] 


CHAPTER VI 
CHARACTERISTICS OF SOUND 
35. Musical Sound and Noise, 


Sounds which affect the human ear may be divided into two 
classes. One class consists of sounds of short duration or sounds 
which change their character continually if they persist, They 
are called noises. The other class consists of sounds the princi- 
pal character of which is that the vibrations to which they are due 
are periodic, They are known as musical sounds or notes. The ` 
classification is made on the basis of physical characters and. not 
by the sensation of pleasantness or unpleasantness which they 
produce. In general, a noise is unpleasant to the ear, but in 
some cases they may be arranged to produce a pleasing sensation, 


36. Characteristics of Musical Notes. 


Musical sounds differ from one another in three essential 
characteristics. These are li) loudness, (ii) pitch, and (iii) quality 
or timbre, They are subjective properties and are judged by 
sensations, 


Loudness. Of two sounds, similar in other respects, the one 
which is heard from a longer distance is said to be the louder 
of the two. Loudness is the sensation by which the brain 
arranges sounds on a scale running from soft to loud, ‘Loudness’ 
in sound corresponds to ‘brightness’ jn light, 


Pitch. When we press the keys of a harmonium in succes- 
sion from one end of the keyboard we recognise the difference in 
the notes produced as a difference in pitch. For example, the 
note DO (sa of Indian music) hag a lower pitch than MI 
(ga of Indian music), A vibrating string emits a note of higher 
pitch when the length is shorter. ‘Pitch is tho Sensation 
by which the brain arranges Sounds on a sorle running ‘from 
low to high. Tt corresponds to ‘colour’ in optics ; may be 
called the musical colour. A noise is characterised by the lack 
of a definite pitch, 


Quality. The characteristic which differ: ntiates between 
two notes of the sama loudness and pitch but produced by sources 
of different kinds is called quality or timbre, There is no difficul- 
ty in distinguishing a note sounded on a flute from the same note 
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played on a harmonium or sitar. The character by which we 
differentiate them is quality’. It is by quality that we recognise 
the voice of a friend or any person we know. 


We now proceed to discuss the physical factors on which 
loudness, pitch and quality depend. 


37. Intensity and Loudness. 


Loudness depends on the amount of energy carried by the 
waves reaching the ear. In general, the greater the energy the 
greater the loudness. It should however be remembered that 
loudness, like all sensations, does not admit of quantitative mea- 
surement. What we can measure is the intensity of the sound. 
Intensity of sound at any point in a medium is the amount of 
energy transmitted by the sound waves through unit area sur- 
rounding the point and placed perpendicular to the direction of 
propagation, Simple calculation shows that the intensity at a 
point depends on the amplitude and frequency of the sound 
waves as well as the density of the medium, being proportional 
to the density and to the square of the amplitude and the 
frequency of the wave. 


Loudness is closely connected with intensity, and increases 
with the latter, But there is no simple relation between the 
two, The same intensity at widely different frequencies may 
produce different sensation of loudness, particularly if the inten- 
sity is low. Within a restricted range of frequency and intensity, 
loudness is roughly proportional to the logarithm of the 
intensity. 

THE BEL. When two sounds differ in intensity by a factor of 10 they 
are said to differ by one BEL, A difference of 100 times in intensity is a 
difference of 2 bels; a difference in intensity of 1000 times in 8 bels 
(.' logio 1021; log,o 10022; logy, 100053 etc). The bel is thus a unit 
of relative intensity or intensity level. If I, and I, bo the intensities of 
two sounds their relative intensity is 

loni bels, 

A decibel (db) is one-tenth of a bel and is about the smallest difference 

in intensity that the ear can perceive. 


38. Factors governing Pitch. 


The pitch of a note is determined by the frequency of vibra- 
tion of the source. As the frequency increases the note becomes 
shriller and is said to have a higher pitch. The lowest, frequency 
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in the audible region is about 30 per sec. and the highest, about 
20,000 per sec. As the frequency of the source increases the 
wavelength becomes smaller. So the shriller a note or higher its 
pitch the shorter the wave. The term ‘pitch’ strictly applies 
to the sensation, and not to the vibration which produces it ; 
though it is often loosely used to mean frequency. According to 
Fletcher, the pitch of a loud sound heard by the ear depends 
not only on the frequency but also on intensity and tone 
structure. 


Doppler Effect. The sensation of pitch, when the source 
and listener are stationary, is modified if one or both of them 
got into motion. When a whistling engine approached a station- 
ary observer, the p'tch of the whistle rises by an amount depend- 
ing on the speed of approach of the engine. If the engine reced- 
es from the observer; the pitch of the emitted sound falls. If the 
observer approaches a stationary source, the pitch rises ; if he 
moves away, the pitch falls. In general, when the source and 
the listener approach each other the pitch rises ; it falls when 
they move away from each other. 


To see how the apparent pitch changes let us consider the case of a 
stationary locomotive blowing its whistle. All observers at rest with respect 
to the locomotive receive the same number of waves ina given time as is 
emitted in that time. Hence the pitch is the same to all of them. 


If however the locomotive moves, the source of sound moves away from 
the waves to its rear and towards those which are ahead of it (Fig. 37). 
The effect is that the waves to the rear are drawn out, while those in front 
are crewded together. Hence an observer to the rear will receive longer 
waves, 4 é., hear a sound of lower pitch, while an observer to the front will 
receive shorter waves and hear asound of higher pitch. Ina direction at 
right angles to that of the motion the length of the waves is unaffected, 
There will be no change of pitch in that direction. 


The change of pitch may be computed as follows. In Fig 38(5) S, re- 
presents at any instant the position of the source which moves in the direc- 
tion 8,4 with velocity v. The velocity of sound is V. After one second 
the source will be at S, where S,S,=v. The wave which the source emitted 
while at S, has reached Oat theend of the second; S,O=V. Hence the 
waves which the source sent out in one second as it moved from S, to S, 
aro crowded in the forward direction within the space OS,=V-v, Ifn 
is the frequency of the source, then there are m waves within the distance 
V-v. Hence the wavelength of the waves in the forward direction is 


USLA] 
v 


Since the velocity of sound is V the apparent pitch n' in this direction 
is given by 


E y 
n'es, nx —) 
Nh Vev 


Thus the pitch ís raísed. 
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In the backward direction & waves, will bs spread 
"Therefore the apparent pitch will b> prad ovn Alene DE 
' y 
n'=nXxX —_. 
V+o 


When the source is stationary but the observer is moving with a velo- 


Va— —r VY 


Fig. 88(a) 
city Vo towards the source he receives in one second the waves lying withi: 
a distance V+? + The apparent pitch in this case is Hn 
Vt 
n'2nx ——2 
aiT, 


Here the wavelength is not altered, but the observer receives more 
waves per second than when he was stationary. If he recedes from the 
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Fig. 88(b) 


&ource with the same speed the apparent pitch will be 


s enx E 


39, Factors governing Quality. 


From now on we shall use the words note and ione in 
different senses. Any musical sound will be called a note, 
while the term ‘tone’ will signify a sound of a single frequency. 
A note results from the vibration of a source ; the frequency of 
vibration determines the pitch. In exceptional cases, the 
sound produced is a pure tone with a single frequency. In a 
note there are in general several tones, i.e, vibrations of differ- 
ent frequencies. The tone with the lowest frequency is called 
the fundamental tone (ofthe note) The tones with higher 
frequencies are called overtones or upper partials. The funda- 


mental and the overtones originate from the same source and 


Part II—5 
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blend into a single musical note. If an overtone has a frequency 
which is an integral multiple of that of the fundamental, it is 
called a harmonic. Tho frequency of the fundamental deter- 
mines the pitch of the note. The number, nature and the 
relative intensities of the overtones determine the quality 
ofa note. A pure tone corresponds to monochromatic light (or 
hue) and a complex musical note to a mixture of colours. 

The source that produces a musical note containing over" 
tones has a complex mode of vibration. It is periodic but not 
simple harmonic. If its time-displacement curve be drawn it will 
not be a sine curve, 


40, Graphical Representation of the Characteristics 
of a Musical Note. 


Since sound is due to the action of waves, all the charac- 
teristics of our sensations of a musical sound must have their 
physical counterparts in the characteristics of the waves. Now, 
a regular wave is characterised by (i) an amplitude, (ii) a fre- 
quency and (iii) a time-displacement curve or wave-form. 
Fourier has shown that any wave-form may be resolved into a 
number of simple sine curves of different frequencies, but a sine 
curve cannot be so resolved. The amplitude, frequency and 
wave-form of a sound-wave determine respectively the 
loudness, pitch and quality of the sound it produces, Sino 
wave-forms correspond to pure tcnes and more complex waves to 
musical notes in general. 


(a) Difference in loudness. In Fig. 39 both the curves are 
sine curves of the same frequency (or wavelength), but their 
amplitudes differ. There 


is no other difference be- 
tween them. The tones 
that they represent differ 


only in intensity and 
Fig. 89 hence in loudness, but in 
no other characteristic, 


(b) Difference in pitch, In Fig, 40 there is no difference 
in wave-form or amplitude of the two curves A and B; both are 
sine curves ; but their fre 
quencies (or wavelengths) 
are different. The tones 
that they represent differ 
in pitch, The curve with 
the smaller wavelength 
has the higher frequency Fig. 40 
and the higher pitch. 
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(c) Difference in quality. In Fig. 41 the amplitude and ` 
wavelength of the curves A and B are the same ; but their wave- 
forms are different. The 
sound they represent will 
have the same intensity 
and pitch but their qua- 
lities will differ. The sine 
curve A represents a pure 
tone, but the other is not Fig. 41 


a sine curve and as such it contains overtones. The wave-form 
depends on the amplitude, frequency and the number of over- 
tones present. This is shown in Fig, 42, where the curve D has 


Fig. 42 


been built up by combining the overtones represented by the 
curves B and C with the«fundamental represented by 4. Over- 
tones influence the shape of a curve and the quality of a note. 


41. Noise 


Sounds other than musical are included under the general 
term, noise. The essential point of difference between the two 
is that a noise lacks in periodicity ; there is no definite frequency 
or wavelength associated with it. Many noises have however 
an approach to pitch and can at least be set down as high or 
low. This is often due to some secondary effect accompanying 
the noise. When a rod is dropped on the floor there is a noise, 
Accompanying it there is a note due to the vibrations set up in 
the rod by the impact. 


Noises produce a disturbing effect by the distraction and 
annoyance which they cause. In recent years much attention 
has been paid to it and effects made to measure it with a view 
to reduction. The following table gives an approximate idea of 
the intensity levels of noises from different sources. 
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Intensity Intensity 
Source in deci- Source in deci- 
bels Ba |, else 
Threshold of Inside trem ; 
audibility Typewriter 70 
Faintest audible Printing press ; 
sound Motor horn 80 
Faint whisper Heavy traffic 90 
Country roadside Near express train 100 
Quiet office Violent hammering 
Average office 50 of steel plate 110 
Loud conversation 60 Near aeroplane 
engino and propeller 120 


42. Determination of Frequency. 


We have said that the word pitch is often used loosely in 
the same sense as frequency, When we speak of the deter- 
mination of pitch we mean the determination of frequency. 


These are several devices used for determinin the 
frequency of a source of sound, such as— 


(1)  Savart's toothed wheel, 
(8) Seebeck’s Siren, 


(3) Cagnaird de la Tour's Siren, 
(4) Sonometer. 


(5) Resonant air column. 


(1) Savart's toothed wheel. Several toothed wheels, each 

with equidistant teeth, are mounted on an axle side by side 

(Big. 43) so that they may 

be rotated at any desired 

constant angular speed, Tho 

$ wheels differ in the number 

8 of teeth on them. A revolu- 

tion counter attached to tho 

axle reads the number of 

revolutions executed in a 

given fime, A card or a 

rd thin metal plate is held 

against the teeth on any of 

Fig. 43 the wheels. The card on 

being struck by a tooth of the rotating wheel sends out a wave 
and the succession of waves gives a musical note. 
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Adjusting the speed of rotation by trial the pitch of the 
emitted sound is brought to the same value as that of the note 
to be investigated. In this condition, the two notes are said 
to be in unison, If at unison the wheel rotates n times per sec, 
and has m teeth then the frequency of the note under investiga- 
tion is 

N=mn. 

(2) Seebeck's Siren. This instrument consists of a circular 
metal plate pierced with a number of equidistant holes 
arranged in concentric circular 
rows (Fig. 44). The plate is fixed 
at its centrs to an axle and can 
be rotated rapidly. A stream of 
air from a blower is directed by a 
nozzle against one of the rows of 
holes. When, in the course of 
rotation of the plate, a hole passes 
the nozzle, a puff of air rushes 
through and sends out a wave. If 
the rotation is rapid enough,’ the 
sequence of puffs of air through 
the holes constitutes a periodic 
disturbance in the surrounding air Fig. 44 
and a musical note is heard. This 
noto is brought into unison with 
the note to be investigated by 
adjusting tke speed of rotation and suitably selecting the row 
of holes against which to blow the air. 

If n is the angular speed of rotation of the plate in revolu- 
tions per second (r.p.s.) when unison bas occurred and mis the 
number of holes in the row against which the jet of air is direct- 
ed, the frequency of the note is m Xn. eee 

inei i rt's toothed wheel and See- 
oan Bi? ard dis hen it is extremely dificult to 
arrange for an accurate determination of frequency. The main 
difficulty lies in judging unison and maintaining a constant speed, 
The siren however is more suited to the purpose and was further 
improved by Cagnaird de la Tour. 
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(8) Cagnaird dela Tour’s Siren. A common form of tho 
siren is shown in Figs. 45 and 46. A is a hollow box into which 
air from the bellows is blown 
through an inlet at the bot- 
tom. On the top cover B of 
the box there is a circular 
row of equidistant holes H 
(Fig. 46). A circular dise C 
having a set of holes as on B, 
is mounted on a vertical axis 
close to D but clear of it and 
can rotate about the axis. 
The holes in B and C are 
oblique and slope in oppo- 
site directions, The air in 
A exerts a lateral thrust in 
its attempt to issue through 
the holes in C, and so causes 
C to rotate. When the 
holes in the dise coincide 
with those in the box, a puff 
of air issues from each. The 
Separate puffs combine to 
Fig. 45 produce a single disturbance 


f . in the surrounding air. In 
the course of rotation of the disc, as a hole moves one place on, 


à wave is sent out. lf is the numbor of revolutions of the disc 
in a second and N the number 
of holes in it, the frequency 
of the wave is nN. The com- 
pressed air in A drives the disc 
and at the same time emits a 
musical sound, the frequency 
of which can be controlled by 
adjusting the air-pressure. 

The rotations of C are 
counted by a revolution coun- 
ter E connected to the axle D 
of the plate through a worm 
gear, To find the frequency 
of a sound, the sound from tho 
siren is brought into unison 
with it by controlling the air 


pressure. When this occurs the required frequency in n X N, 

(4) Sonometer. In this instrument there is a wire 
under tension on a sounding board. By means of two bridges 
placed under the wire a fixed portion of it can be made to vibrate 
transversely, For a given wire the frequency of the note emitted 


Fig. 46 


————— 


us REPE 
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depends on the tension and tha length, By varying one or both 
of them the sound emitted may be brought into unison with the 
note to be measured. The frequency n) can then be calculated 
from the formula 

1 /m 

a= = 

al m 

where lis the length of the vibrating protion of the wire, T its 
tension and m its mass per unit length (See $ 56). 

- ( 5) Resonance of air column. A column of air thrown 
into vibration may. produce an audible sound. The frequeney 
depends on the length of the column. If resonance can be secured 
between the source to be studied and an air column, the fre- 
quency can be found by calculation from the length of the air- 
column and the velocity of sound through it (Vide § 68), 


43. Musical Scale. 


There are two ways of stating the pitch ofa note. The 
physicist expresses it in terms of frequency, but the musician 
states it in terms of the place of the note on a musical scale, A 
musical scale is a scale of relative frequencies in which the fre- 
quency of a note is expressed in terms of the frequency of some 
standard note, called the keynote or tonic, as unit. While a 
musical scale can be constructed upon any keynote, the physicist 
prefers to take 256 per second as its frequency, perhaps because 
it is a power of 2 (256—295) and simplifies calculation. Musi- 
cians’ concert pitch is based on a frequency of 264 per second. 


Musical Interval. The ratio of the frequencies of any two 
notes is known as the interval between the notes. Notes of the 
same frequency are said to be in unison. The interval between 
two notes whose frequencies are in the ratio 1 : 2 is called an 
octave. A note of frequency 200 is an octave higher than a 
note of frequency 100. A note of frequency 50 is an octave 
lower than one of frequency 100. The interval between two 
notes of frequencies in the ratio 2 : 3 is called a fifth. The names 
of several intervals are given below : 


Ratio of frequencies Name 
eg i Octave 
9:8 Fifth 
3:4 Fourth 
4:5 Major third 
5:6 Minor third 


Chord, Concord and Discord, In music, a combination 
of two or more notes sounded together is called a chord. | If it 
produces a jarring sensation in the ears it is called a discord. 
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If the effect is barmonious the combination is a concord. All 
musical concords are made up of frequencies in the ratios 41 5:6 
and the octave 1:2. Concords form an essential part of all 
music in which two or more notes are sounded together. The 
series of notes forming a musical scale should therefore be so 
chosen that concords can be formed from it. But even if 
harmony, i.e, the pleasing effect due to a concord, is not needed 
in music, there is another requirement for the music to satisfy. 
There must be melody in the musie, i.e., the succession of notes 
must produce a pleasing effect, "While European music is based 
on harmony, Indian music is based on melody. 


Above considerations show that a» acceptable musical scale 
must consist of notes which should be capable of producing 
harmony and melody. Experience taught us that this could not 
be achieved unless the notes have simple frequency ratios, The 
condition for the two are not identical and a scale may be quite 
suitable for melody but not for harmony. 


44, The Diatonic Scale. 


The diatonic scale is a musical scale formed by introducing 
six other notes between a given note and its octave, The eight 
notes are indicated by the letters C, D, E, F, G, A, B ande, 
and are collectively referred to as an octave, In music several 
such octaves extending on both sides of the keynote are required. 
C is taken as the keynote. The last member of an octave is 
the first member of the next one, c’ represents a note an octave 
higher than c ;c"is two octaves higher ; ci is one octave lower 

` than O. The names of these notes, their relative frequencies and 
the intervals between successive notes aro given below. A 
Set of values of the frequencies on the basis that the keynote C 
has a frequency of 256 is also given. It should be remembered 
that the keynoie may have any frequency. 


Table. Musical notations and intervals, Diatonic Scale 
eee BS, 


Symbol Ci De LIC ANN 
European | DO RE MI FA SOL LA SI DO 
| Indian SA RE GA MA PA DHA NI SA 

indian m WESCE 2.74 DHA NI SA 

Relative freauency | 1 § 4 4$ $t! x 3 


Interval oW d d v $ it 


Frequency on the 

basis that C=256 | 956 988 390 341 384 497 480 519 
Relative frequencies | 94 97 30 39 86 40 45 48 
eee 
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A musical scale hardly requires an extension of more than 
7 octaves representing rougbly frequencies from about 32 to 
4000. Ordinarily three octaves suffice. 


The indication of the pitch of any note that we obtain from 
the place of the note on the musical Scale, i.e., from its musical 
nomenclature, is relative. What we get here is its interval from 
the keynote and not its absolute frequency. Thus a note desig- 
nated by the symbol d means that it is an octave higher than 
D, whose interval from the keynote is 9/8. Hence the frequency 
of the note is 2X 9/8 that of the keynote. If the keynote has a. 
frequency of 264, that of the given note is 9/4 x 964—594. : 


45. Tempered Scale. 


The diatonic scale consists of eight notes to the octave- 
whose frequencies are in the ratio of simple integers, but their 
intervals are not equal. By sacrificing the advantage of simple 
ratios in the frequency, a scale of greater flexibility may be 
obtained. Such a scale is called a tempered scale. In the 
tempered scale of equal temperament there are twelve notes to the- 
octave. The intervals between successive notes are all equal ; each 
interval is called a semitone. If X is the interval betweem 
successive notes of the scale, then d 

xag 


so that X=" 1059463, 


Thus, on this scale the interval between any two consecutive: 
notes is 1'05946. The difference between the diatonic and the 
tempered scales will be clear from the following table : 


Table. Comparison of the diatonic and tempered scales 


|no E | ar FA soz | | z4 | SI | DO 
| 


l 
1 | rus | 1'250 ram |rsoo |vesr| [rsrs 2 


Diatonic 


| 
Tempered) 1 dm * | 17260 | 1'335 * [1408 * | 1682 | 
| ! 


It will be seen that the intervals on the two scales do not 
differ by as much as 1%. Hence the concords of a diatonic 
scale may be reproduced on the tempered scale. 

In the tempered scale five new notes have been inserted at 
the positions marked by asterisks on the table. The scale has: 


vam] s 
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the special advantage that any of the notes may be taken as the 
keynote, and still give all the intervals necessary for concord : 
this is not possible on the diatonie scale. In instruments like 
the piano, harmonium etc. where the intervals of the notes are 
fixed, the tempered scale is indispensable. 


SUMMARY 


Sound due to regular, periodic vibrations is called a MUSICAL SOUND. 
It has three characteristics, viz, (1) loudness, (2) pitch and (3) quality. 
‘They all refer to sensations. 


LOUDNESS refers to the magnitude of the sensation produced in the ear. 
Physically, it depends on the intensity of sound and is roughly proportional 
to the logarithm of the latter. Intensity of sound is the amount of 
energy transmitted per second per unit area perpendicular to the direction 
of propagation. For a sound of given pitch, it is proportional to the 
density of the medium and to the square of the amplitude. Intensity 
diminishes inversely as the square of the distance when the source radiates 
sound in all directions, Sound may be intensified by forced vibration or 
resonance of bodies near the source, 


The BEL is the unit of relative intensity, being the logarithm (to the 
base ten) of the ratio of the intensities, 


PITCH relates to the sensation of sharpness or flatness that a sound 
produces, It is determined by the frequency of the sound. The higher the 
frequency the higher the pitch. The apparent pitch of a sound changes 
when relative motion occurs between the source and the listener along the 
line joining them, When they approach each other pitch is raised ; when 
they recede, pitch is lowered, This is known as DOPPLER EFFECT. 


The characteristic which distinguishes between two sounds of the 
same loudness and pitch, but from sources of different kinds, is known as 
QUALITY, It depends on the number, nature and the relative intensities of 
the overtones present in the sound. Quality has its physical counterpart 
in the waveform of the sound, 


Loudness in sound corresponds to brightness in light, pitch to colour. 
A pure tone corresponds to monochromatic light or hue and a complex 
note to a mixture of colours. 


Frequency and pitch are loosely used in the same sense. There are 
various ways of determining the frequency of a source of sound. The 
sonometer and the resonant air column may ke used to find the frequency 
ofafork, It is more difficult to work with a siren, 


A MUSICAL SCALE isa scale of relative frequencies in which the fre- 
quency of any note may be taken as the standard. This note is called the 
keynote or the tonic, Physicists usually take 256 vibrations per second as 
the frequency of the keynote. The ratio of the frequencies of two notes is 


called the INTERVAL between them, A frequency ratio of 1 : 2 is called an 
“OCTAVE, 


In forming a scale of frequencies for music attention has to be paird 
to harmony and melody. The former demands that when two notes are 
sounded at the same time the effect should be pleasing to the ear. The 
latter demands that when single notes follow each other in succession the 
-effect should bs pleasing. These requirements cannot be met unless the 
notes have frequencies which bear simple integral ratios to one another, 
or at least do so very nearly. 
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Tn the DIATONIC SCALE six other notes are introduced between a note 

and its octave, The frequencies are in the ratio 
24, 27, 30, 32, 36, 40, 45, 48. 
‘There are thus seven intervals in the octave, but they are unequal, 

The simple frequency ratio {s sacrificed in TEMPERED SCALES. In the 
scale of equal temperament the octave is divided into twelve equal intervals. 
The interval between any two successive notes on this feale is therefore 
27y=1°05946. By a strange coincidence the six extra notes of an octave 
on the diatonic scale, are also reproduced on this scale. The difference is 
less than one per cent. Any notes on the tempered scale may be taken as 
the keynote and still zeproduce the scale. This advantage cannot be had 


on the diatonic scale, 
All instruments in which the freauencies of the notes are fixed, as for 
example, the piano, organ, harmonium etc., ise the tempered scale. 


EXERCISES 


l. Indicate what distinguishes between a noise and a note, 

2. Mention the characteristics of a musical sound. Discuss the factors 
on which they depend. 

8. (a) Compare loudness, pitch and quality with similar characteristics 

in light. 
(b) Distinguish between a tone and a note, an ov.rtone and a 
harmonic. 

4. Explain briefly how the pitch, intensity and quality of a musical 
note can be graphically represented. H 

5. What do you mean bv the pitch ofa musical note ? Mention the 
different methods of determining it and describe with necessary details a 
method of measuring it. 

6. Describe a siren and state how you would use it to measure the 
frequency of a tuning fork. 

A siren having a ring of 200 holes makes 132 revolutions per minute. 
If it emits a note an octave lower than the fork, what is the frequency 
of the latter ? [Ans : 880 per sec.] 

7. What do you understand by the term musical scale! What is an 
interval? What is an octave ? 

8. What is the tempered scale in music? What are its advantages 
over the diatonic scale ? 

9. Write down the relative frequencies of the notes comprising the 
diatonic scale. Also find the interval between each pair of consecutive 
notes. 


CHAPTER VII 
SUPERPOSITION OF SOUND 
46. Principle of Superposition. 


When two sets of waves overlap in a medium, the medium 
experiences at every point the resultant effect of the two wave- 
trains. In calculating the resultant displacement of a particle, 
we make use of the principle of superposition which states that 
if the displacement of a particle due to either wave is small, 
the resultant displacement is equal to the vector sum of the 
displacements which the particle would have if each wave acted 
alone. Though the principle is strictly true for waves of indefi- 
nitely small amplitude, it is nearly true in all ordinary cases. 
Several important phenomena in sound are due to the super- 
position of sound waves from two different sources or two wave- 
Systems derived from the same source. Such phenomena will 
be discussed in the present chapter. The basis of the discus- 
sion is the principle of superposition. We shall therefore. 
assume that— 


(1) The presence of one wave-train does not in any way 
affect the action of the other, and 


(2) the resultant displacement is the vector sum of those 
due to the individual wave-trains, 


The principle of Superposition is applicable to all cases 
irrespective of the direction of propagation of the individual 
wave-trains and the frequency of the wavos, But cases of 
practical interest are those in which the waves mov; along the 
same line and have equal or nearly equal frequencies We shall 
consider three cases, viz., 

fi) The phenomenon of beats, which is due to the super- 
position of two wave-trains of nearly equal frequencies moving 
in the same direction, 

(ii) Interference of two wave-trains, of the same frequency 
moving in the same or opposite directions, and 

(iii) Stationary waves, which are due to the Superposition 
of two identical wave-trains moving in opposite directions. 


47. Beats. 


When two notes of nearly equal frequencies and intensities 
are sounded together the resultant intensity wares and wanes at 


regular intervals, These alternations of strong and weak sounds 
are known as beats, 
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To demonstrate the phenomenon of beats take two tuning 
forks of the same frequency and load one of the prongs with 
a small quantity of wax (or by winding one or more turns of 
wire). Loading a prong lowers the frequency of a fork. If the 
forks are now sounded together beats will be heard. They may 
also be heard by pressing the two keys to the extreme left of a 
harmonium and blowing. These beats are however quicker than 
in the above case of forks and are about 10 per second in number. 
For any other pair of adjacent keys, the frequency of beats 
gradually increases as one moves towards higher frequencies. 
Rapid beats cannot be distinguished ; they merely produce a 
jarring sensation in the ear, 


Perception of Beats. To perceive beats, the difference in 
frequency of the notes should be small. When this difference 
is large, the number of beats produced per second is also large. 
The waxing and waning of intensity in such a case becomes too 
fast to be clearly recognised by the ears. 


If the notes are of very unequal loudnesses, the beats will 
not be clearly recognised as the weaker sound will not appre- 
ciably affect the louder one. 


To produce a clear effect the two sources should be of the 
same kind. When the number of beats is 6 per second the 
effect on the ear begins to be unpleasant. The serse of un- 
pleasantness goes on increasing with the number of beats till 
at 30 per second it produces the worst discord. Beyond this 
value the discord diminishes and at 60 per second the effect 
appears harmonious, 


48. Explanation of the Formation of Beats. 


The formation of beats may be explained in the following 
way. Let the two sources producing beats have frequencies 
256 and 260 respectively. If the wave-trains agree in phase at 
a certain point at a given instant, they also agree at another 
point, the distance of which from the above point is 64 wave- 
lengths of the first and 65 of the second. The waves also agree 
at other points whose distances from the first point are integral 
multiples of the above values. Exactly midway between two 
such points of agreement in phase, the waves will be in opposite 
phases, and destroy each other. The above pattern of maxi- 
tum and minimum displacements travels with the speed of 
sound. Between successive points of agreement sound takes 
64/256=4 of a second to traverse, Hence the ear-drum of a 
stationary observer will undergo a maximum displacement every 
quarter of a second, t.e., the sound he hears will become a maxi- 
mum 4 times a second. In other words, he will hear 4 beats per 
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second, In between two successive maximum the scund will 
become a minimum, because displacement is then at a minimum. 
In the case considered, the number of beats per second is the: 
difference of the two frequencies (260—956). 


Tn general, if the frequencies of two sounds are m and m+n 
respectively and V the velocity of sound, then within a distance 
V, there will be m complete waves of the first and m+n com- 
plete waves of the second. From one point of phase agreement 
to another at a distance V along the common line of propagation, 
there will therefore be (m-+n)—m points of phase agreement, 
Since this pattern progresses with speed V, a stationary observer 
will hear n beats per second. It follows that the number of 
beats produced per second is equal to the difference of fre- 
quencies of the superposed sound waves. 


Graphical representation of beats. In Figure 47, A and B 
represent the space-displacement curves of two different wave- 
trains at a given instant. They have been drawn with a frequency 
ratio of 4:5 and given the same phase at the point to the 
extreme left. C is the curve obtained by the superposition of 
the curves Aand B. This curve represents the resultant dis- 
placement of the medium at the given time. As we move to the 
right the phase difference between the two wave-trains A and B 
gradually increases. At the:first dotted line to the left the waves 
have opposite phases, Thus at the extreme left the displace- 
ment in C is a maximum, while, proceeding to the right the dis- 


*Proof. Let l be the distance between successive points where the two 
wave-trains (of respective wavelengths A, and \,) meet in phase and let y 
be the number of waves of length X, which lies within this distance, Then 
from the condition that the phases agree at a distance }apart, we have 


v4, -(v--1)2 


or v= As 


If V is the velocity of the component waves, it is also that of the 
resultant wave. Hence the number of maxima (or minima) crossing a 
particular point per second is the number contained within a distance V. 
It follows therefore that this number, or the number of beats per second is 


Y V[ha-A | ve 
veo feels 
VÀ, Aa ho An Ay 


ae = 
ah ie (m-++-n)-m=n 
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placement diminishes and becomes a minimum at the dotted line. 
Along C there will thus be places of maximum and minimum dis- 
placements. These are shown by the dotted lines in the figure. 


Fig. 47 


This pattern progresses forward with the speed of sound, It 
therefore follows that the amplitude of vibration at a point of 
the medium increases and decreases alternately with time. The 
forced vibration into which the ear-drum is thrown by C is execu- 
ted with amplitudes which increase and decrease with time and 
give rise to a waxing and waning of sound. 

MATHEMATICAL ANALYSIS OF BEATS, Let the two frequencies be m 
and m+n. The individual displacements at a given point of the medium 
due to the separate action of the two waves will be 

2,74 cos 2rmi-a cos tt 
and z, =b cos 2r(m +n)t=b cos (f- pt. 
The resultant displacement is 
DHL, +l, 
=a cos ft+b cos (f+p)t 
=a cosfitb cos ft. cos pl. cos pi - b sin ft, sin pt 
7 cos ft (a+b cos pt) — sin fx b sin pt. 
Put (a-bcos pf)=C cos o. 
and b sin pte C sin ¢ 


Squaring and adding 
C0? =(a+b cos pD* +b* sin? pt. 
=a? +b*+2ab cos pt. 


Farther, tan $= BP. 
A4 0 cos ft cos ¢—C sin ft sin > 


=O cos (ft 9) 


The resultant displacement z at any point is therefore a periodic 
vibration with an amplitude C, where C changes with time, 
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As ¢ increases, the value of pt also increases. When pt=0, 27, 4r, 
Gr ete, cos pt=1 and 
C* =a" +b? 4-2ab — (a -- 0)? 
or. C =a+b 
Hence, we see that at intervals of time t=2r/p the amplitude takes up 
the value (a +b), 
When pé 2m, 3, 5r ete., cos p!- -1and 
0? =a?+b? — 98b = (a — b)? 
or, C =a-b 
Hence, as time goes on the amplitude of vibration at any point passes 
alternately through the maximum value C=a+b and the minimum value 
€=a-b, When amplitude is a maximum, the intensity is also a maxi- 
mum since intensity oc (amplitude)*. The time between two successive 
maxima of sound is that between two Successive maxima of C, i.e, 2s[p 
sec, Hence, the number of beats per second is p/2. But since m= f/ 24 
and m+n=(f+p)/2, we have 
p/2n=n 
Therefore, the number of beats produced per second is equal to the 
difference in frequency of the two notes, 


49. Determination of Frequency by counting Beats. 


Tf the frequency of one of the two notes producing beats 
is known, the frequency of the other can be determined by 
counting the number of beats. Let two tuning forks have 
Tespective frequencies n, and naand let nı be known. Easily 
distinguishable beats will be produced when they are sounded 
simultaneously, provided that nı and m, are nearly equal, If 
ihe number of beats produced per second is n then n5 77, n. 
We can determine n by counting n. 

Totest whether the required frequency n, is greater or 
smaller than mi, count the number of beats after putting a 
little wax on one of the prongs of the fork of which the frequency 
is required, Addition of wax increases the mass. An increase of 


thereby, it'follows that the required frequency is lower than that 
of the other fork, i.o., "»i-ni—n. If, on the other hand, the 
number of beats decreases then it follows that the required fro. 
quency is higher than that of the other fork, i.e., 7371 - n. 
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If an increase of mass of a tuning fork A inereises the 
number of beats which it forms with another fork B, then the 
Siequency of A is lower than that of B. 

Let two forks produce 5 beats per second and let one of 
them have a frequency 256 per sec. The addition of a little 
wax on this fork increases its mass and hence reduces its natural 
frequency. If, after loading, the number of beats is found to 
increase, this fork obviously has a frequency lower than that 
of the other. Hence the frequency of the other is 256+5. 
It the other fork is loaded, and the beat frequency is found to in- 
crease, the other has the lower frequency. 

By loading the higher frequency fork sufficiently it is pos- 
sible to bring down its frequency below that of the other fork, 

The number of beats will also change, if instead of increas- 
ing the mass, it is decreased by filing the fork. The result will 
obviously be the opposite of the previous case. It should be 
remembered that a decrease of mass increases the natural fre- 
quency of the fork. If decreasing the mass of a fork A 
(by filing or otherwise) decreases the number of beats it forms 
with another fork B, then the frequency of the fork A is lower 
than that of B, By filing the lower frequency fork sufticiently, 
its frequency may be carried to values higher than that of the 
other fork. 


*50. Interference of Sound 


If two sound waves of the same frequency and amplitude agree in phase 
at a given point ina medium, then the displacement under their combined 
action will be double that due to any one of the waves. Since intensity is 
proportional to the square of the amplitude, it increases to a value which 
is four times the value due to either of the waves, If on the other 
hand, the waves are superposed in opposite phases one will completely 
annul the effect of the other. Thus the combined action of two 
sound waves may produce silence at places, This fact is known as 
interference of sound. 

CONDITIONS OF INTERFERENCE, To get continual silence at a point of . 
a medium under the action of two sound waves the following conditions 
must be fulfilled : > 

C1) The notes must have the same frequency, amplitude and quality, 

(23) The displacements due to individual sound waves must be in the 
same line. 3 

(8) The two waves must CONTINUE TO ARRIVE at the given point in 
opposite phases. 

If these conditions are satisfied, there will be no displacement at the 
point and hence no response in a detector placed at that point, The first 
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two conditions can be satisfied by sound waves from two separate sources ; 
but fulfilment of the third condition is difficult. The third condition may 
be satisfied by sound waves from the same source reaching the point by 
diffe.ent routes and hence acquiring the required phase-difference, 


To demonstrate interference of sound a tube like that Shown in fig. 47a, 

is taken, It divides into two branches BAE and BODE which reunite 

at E, The length of the path 

BODE can be altered by 

T drawing out the sliding 

e—— portion CD. If a vibrating 

fork is held near the opening 

u the sound wave divides at B, 

x c A part follows the path DAE 

D and the other, the path BDZ, 

gu m They recombine at E. If the 

difference of the paths BDE 

Fig. 47a and BAE is half of a wave- 

length or amy odd multiple 

thereof, the phases of the 

disturbances at E due to the wave systems will be opposite, So longas T is 

vibrating the wave systems will continue to arrive at E in opposite phases, 

Hence there will be no resultant displacement at W. If a detector is 

placed at Æ it will give no response. But if the difference of the two 

paths be zero or an integral multiple of a wavelength, the waves will reach 
E in phase and produce a strong response in the detector, 


It is interesting to note how the conditions of interference are fulfilled 
in this case, Since the wave-train originating from a single source is 
divided into two parts they have the same frequency, amplitude and 
quality. The displacements they produce at E are along the same line, The 
phase difference between the two waves at E is due to the unequal paths 
which they traverse. When this path difference is equal to half the wave- 
length or an odd multiple thereof, the two waves always reach Æ in 
opposite phases. In this condition, there will be no sound at E 


If this silence at E is really due to the joint action of two trains of sound 
waves, there will always be a sound at E if we close one of the paths and 
allow only one wave-train to come through the other, The branch BAE of 
the tube is provided with a shutter at A which may be closed at will. 
Having arranged for silence at E, the shutter 4 is closed. It will be found 
that sound is at once restored at E, This proves that the silence at Æ is 
really due to the joint action of two wave-trains, 


INTERFERENCE DUE TO A FORK, A vibrating fork provides a simple 
illustration of interference. Hold a vibrating fork upright at a distance 
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and turn it slowly abont a vertical axis, In the course of a complete 
rotation, the intensity of sound will increase and decrease four times, 
When a frok vibrates, both prongs move inwards or 
outwards at the same time. As they move outwards, * 
a compression starts from the outer faces, B and A’ 
(Fig, 48). At the same time a rarefaction also starts 
from the inner faces A and B'. On the line joining 
the two arms the outer air is shielded to a large 
extent from the waves from the inner faces by the 
Pprongs themselves. Along the line normal to the 
line of prongs the effect of the waves from the outer 
faces is not much felt. But in the four directions at 
45° to these two lines the compression from B, A’ 
and rarefaction from 4, B' practically balance each 
other. So, very little sound is heard in these 
directions. The action of the waves from the inner 
and onter faces along these lines illustrates inter- Fig. 48 
ference. A little consideration will show how the 

conditions of interference are fulfilled in this case. Here B, 4’ and 4, B' 
actas two separate sources and are always in opposite phases, They have 
obviously the same frequency and act in the same line at remote points. 
At points equidistant from both they combine in opposite phases and produce 
interference, 


Q 
SN 


51. Stationary Waves 


One of the most important cases of interference is that in 
which two identical wave-trains traverse the same medium at 
the same time in opposite directions. The effects to which they 
give rise in the region of overlap are called stationary or stand- 
ing waves. 

Graphical representation of the formation of stationary 
waves. i 

Fig. 49 illustrates graphically the formation of stationary 
waves. The interfering wave-trains have the same amplitude 
and wavelength (A). Their directions of motion are indicated 
by the arrows near the top of the diagram, The wave-form of 
each is taken to be sinusoidal for simplicity. The resultant dis- 
placement is governed by the principle of superposition. 

Nineteen successive stages, all at intervals of 7/12, are 
shown in the figure (Z— periodic time of the component waves). 
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In stage I the waves have just met in phase, In time 7/12 
each wave advances by A/19. Hence to get the next stage 


Ed 


í NL 
[eS See 


Fig. 49 

each wave is advanced by \/12 and their amplitudes added up 
algebraically (Principle of Superposition), The resultant has 
been represented by the thick continuous line. This construc- 
tion applies to all successive stages. The thick line of each 
stage represents the space-displacement curve of the medium 
in the region of overlap at intervals of 7/12. 

Characteristics of stationary waves, A study of the result- 
ant curve reveals the following characteristics of a Stationary 
wave : 
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(i) The amplitude of vibration changes from place to place 
in the medium and has a maximum value at certain points 
(marked A on the figure). The points of maximum amplitude 
are called antinodes. 


(ii) At certain points the medium undergoes no dis»lace- 
ment at all, Such points of no displacement (marked N on the 
figure) are called nodes. 


(ii) The distance between ‘successive nodes or successive 
antinodes is equal to half the wavelength of the interfering 
Waves. 


(iv) Along the common line of propagation, nodes and 
antinodes alternate with each other. 


(v) All particles lying between adjacent nodes move in the 
same direction at the same time. They reach maximum or zero 
displacement all at the same time. They have therefore the 
same phase. The amplitude Increases from zero at a node to a 
maximum at the antinode, The portion of the medium lying 
between two nodes is called a loop. 


(vi) Particles in neighbouring loops vibrate in opposite 
phases. 


(vii) A particle of the medium executes a complete vibra- 
tion in the same time in which a component wave advances by 
one wavelength. The frequency of a particle is therefore the 
frequency of a component wave. 


The reason why the disturbance in the medium is called a 
stationary wave is that the form of the disturbance, i.e, the 
wave form, remains stationary and does not advance through the 
medium as it does in a progressive wave. 


52. Study of Stationary Waves on a Vibrating String 


A beautiful method of demonstrating stationary waves on & 
string is due to Melde, A tuning fork of relatively low frequency 
(say 64 vibrations per second) whose vibrations can be main- 
tained electrically, is clamped to a table as shown in fig. 50. 
One end of a string is attached to one prong of the fork, while 
the other end is attached to a pan after passing’ over a pulley. 
The fork is so placed that it vibrates perpendicular to the length 
of the string. The pan is then loaded and the fork excited. By 
adjusting the load on the pan or the length of the string the 
whole string may be made to vibrate transversely in one loop. 
If the load is reduced to one-fourth of the above value the string 
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will vibrate in two loops. Reducing the load to 1/9 will make 
the string vibrate in three loops. 


The vibration of the fork produces transverse vibration at 
one end of the string. This gives rise to transverse waves along 
the string which propagate along it and are reflected from the 
other end where the string touches the pulley. The incident 
and the reflected systems give rise to stationary waves along the 
string. Tbe frequency of the waves is that of the fork. The 
wavelength depends on the mass per unit length of the string 
and its tension (§ 56). Changing the load on the pan alters the 


Fig. 50 


tension ; the wavelength changes along with it. The tension or 
the length is adjusted till the length of the string becomes equal 
to an integral multiple of 4/2. In this condition the loops come 
out very clearly. 


The characteristics of stationary waves mentioned in $ 51 
may all be observed in the vibration of the string. The nodes, 
antinodes and loops can be seen clearly. Owing to the rapidity 
of vibration and the persistence of vision the successive positions 
of the vibrating string are not separately recognised ; they blend 
into a blur. But the gradual change of amplitude from node 
to antinode is very clear. 


Stationary waves occur frequently in nature. Whenever 
waves are formed in a limited medium reflection occurs at the 
boundary. If the original disturbance is sustained in character 
the reflected waves will be superposed on the outgoing waves 
and thus give rise to stationary waves. This may he illustrated 
by giving a rap to a circular bowl or basin containing a liquid. 
The liquid surface exhibits a stationary wave pattern. 


Sound waves may be stationary in character. The best 
example is provided by organ pipes; they are discussed in 
Chapter IX. A body executing stationary vibration in air will 


give rise to progressive waves in air and thus serve as a source 
of sound. 
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53. Mathematical Analysis of Stationary Waves. 
Let two identical wave-trains proceed through a medium in 
opposite directions. The vibrations produced at any point in 
the medium by the individual wave-trains are represented 
(Vide § 14) by the equations 


yı=a sin A (vi-2), 


and y2=a sin z Vi+a). 


The line along which the waves advance has been taken to 
bo the z-axis. The wave advancing along the positive direction 
of c is represented by the first equation ; the wave in the opposite 
direction is given by the second. @ is the amplitude, V the 
velocity and 4 the wavelength of the two waves. œ represents 
the distance of a point measured from an arbitrary origin* on the 
path of propagation of the wave. varies from point to point 
on the line of propagation. yi, Ys are the displacements at the 
required instant due to the waves. The displacement of & 
particle when the two waves are superposed is 


y-yi ys =a sin P t-2)ta sin Eee) 


= 98 cos x sin ait 


=2a cos m sin wt 


=A sin ot. 


Thus the resultant vibration of a particle is simple harmo- 
nic with an amplitude A and phase angle o£. 
Since A=2a cos ne 
the amplitude varies with the position of a particle. 
T 


Corollary 1. NODES, It cos #2 =0, the amplitude 4=0, For this 


condition to hold we must have 
m. (2n D where n «0, 1, 2, 3...ete. 


or zs (2n 1)A/4. 


^. When n=0, a, =r/4 
n=l, g, 8X4 
n2, z, =5)/4 5 etc. 


í tion that 
* The origin is such a point on the common line of propaga! 
the two waves agree in phase at that point at the in itial moment. 
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At each of the points z,, £a 7, etc. 


SOUND 


the amplitude is always zero, i.c. 


they are nodes. The distance between two adjacent nodes is 


$4—20,—2,—2,2,, 5/2 


Corollary 2, ANTINODES. If cos 


z- +1, the amplitude is a 


maximum, For this we must have 
manr, where n=0, 1, 2, 8,...etc. 
or, w@=ny/2 


Putting values for n we obtain 


2, =),/2, 2, =, 2,2 33/2 ete, 


The amplitude will be a maximum at these points, 
nodes. The distance between adjacent antinodes is LatEA 


These are anti- 


-%=..= 


0/2, Amplitude at other points will vary according to their distance, 


54. Comparison of Progressive and Stationary Waves 


Progressive Wave 


(1) Progressive waves are duo 
to the continuous periodic 
vibration of a portion of the 
medium. 


(2) The phase of one particle 
is transmitted to the next 
along the line of propagation. 
In this way the wave-form 
progresses forward. The velo- 
city of wave-motion is deter- 
mined by the elastic proper- 
ties of the medium, 


(8) Each particle of the me- 
dium executes the same 
Vibration about its equilibrium 
position with the same fre- 
quency, 


Stationary Wave 


(1) Stationary waves are due 
to the superposition of two 
identical progressive wave. 
trains moving along a line in 
opposite directions through a 
medium, 


(2) The wave-form'does -not 
advance through the medium. 
It is confined to the portion 
of the medium where the Op- 
positely moving progressive 
waves overlap, 


(3) The amplitude of the pâr- 
ticles is not the same every- 
where. At the nodes the am- 
plitude is zero, at tho anti- 
nodes it is maximum, They 
are all executed with the 
same frequency. 
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(4) Along the line of propaga- | (4) All the particles between 
tion there is a difference of | two nodes vibrate in the same 
phase between the vibrations | phase, Particles on two sides 
of particles. This phase dif- | ofa node vibrate in opposite 
ference is proportional to the | phases. 

distance between the particles. 


(5) With the progression of | (5) Change of pressure or den- 
the wave every point of the | sity is not the same at every 
medium undergoes the same | point of the medium. Itisa 
changes of pressure or density. | maximum at the nodes and a 
minimum at the antinodes. 


SUMMARY 


The intensity of the note produced when two sources with slightly 
different frequencies are sounded together, alternately waxes and wanes 
at regular intervals, This phenomenon is knownas BEATS. The number 
of beats produced per second is equal to the difference of the frequencies. 

Two sound waves identical in every respect produce silence at a point 
if they meet there in opposite phases. This is known as interference of 
sound. / 

If two identical progressive waves proceed through a medium in opposite 
directions and are superposed on each other, the particles in the region 
of overlap vibrate in a manner in which the wave-form remains stationary 
in position, This kind of wave-motion is known as a STATIONARY WAVE. 
In this: case some points of the medium are permanently at rest; they are 
called Noprs, Away from a node the amplitude gradually increases till 
it reaches a maximum. Places of maximum amplitude are called ANTINODES, 

Two successive nodes or antinodes occur at distances of M2. 

The distance between a node and its neighbouring antinode és M4. 

The segment between two nodes vibrate in the same phase. The 


phases on two sides of a node are opposite, 


EXERCISES 


1. What are beats? How are they formed ? 

Notes of frequency 225 and 336 containing the first two harmonics are 
sounded together. State which harmonics will give rise to recognisable 
beats and find the number of beats per second. [Ans : 8] 

2. Explain how the phenomenon of beats may be utilised for deter- 


mining the frequency of a fork, 
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Two forks are heard to produce 6 beats per second. On slightly loading 
one the number of beats reduces to 4, On further loading the number of 
beats increases to 6 again, Explain the observation. 


8. (a) Two forks sounding together produce 4 beats per second. The 
frequency of one of them is 512 vps. The number of beats decreases when 
this fork is filed. What is the frequency of the other ? 


(b) Two forks produce 5 beats per second. One of them has a fre- 
quency of 255 vps. The addition of a little wax to the other decreases the 
number of beats. What is its frequency ? 

[Ans : (a) 516 vps. ; (b) 261 vps] 
. 4 Distinguish between interference and beats and describe an experi- 
ment to show the interference of sound waves. 


A man is travelling along a straight line joining two id:ntical sources 
each of frequency 1000 and vibrating in phase. How fast would he move 
from one towards the other so that he may hear 10 beats per sound ? 

[Velocity of sound =1120 ft/sec.] 


Hint. Nodesand antinodes are formed along the line. In one second 
he must pass through 10 nodes and 10 antinodes, [Ans. : 5°6 ft/sec. ] 


5. Sound waves from a vibrating fork reach a point A by two paths. 
When the path difference is 12 or 36 cm there is silence at 4. Explain this 
and calculate the frequency of the fork. 

[Velocity of sound=830 metres/sec.}. 
{Ans.: 1876 vibrations/sec.], 


6. What are stationary waves ? Mention their characteristics. Indicate 
the differences between a progressive and a stationary wave, 


7. Stationary waves of frequency 200 are formed in air, If the velocity 
of the waves is 1120 ft/sec, what is the shortest distance between (i) two 
nodes, (ii) two antinodes, (44i) a node and an antixode ? 


[4ns : G) & (4) 28 ft (iii) 14 tt]. 


CHAPTER VIII 


VIBRATIONS OF RODS AND STRINGS 


In many musical instruments the vibrating source of sound 
is a stretched string, a rod ora column of air in a tube. The 
vibrations excited in a string are transverse, while those in a 
column of air are longitudinal. Vibrations of a rod may be 
transyerse or longitudinal. Further, these vibrations are sta- 
tionary in character. In this chapter and the next we shall 
study these vibrations, 


55. The Tuning Fork, 


. The tuning fork is a simple piece of apparatus indispensable 
in the study of sound, A fork, properly designed and construct- 
ed, emits a pure tone when 
mildly struck, It is a bar or A 
a rod bent into the form ofa 
long U and has a stem or 
handle at the bend. 


PT ied 


Tts mechanism of vibra- 
tion may be understood from 
the mode of transverse vibra- 
tion of a thin rod. If one end 
of a rod is fixed and the 
other struck perpendicular to 
its length, a wave of trans- 
verse displacement will be 
sont along the rod. The wave 
will be reflected from the fix- 
ed end, The superposition 

“of the direct and the reflect- 
ed waves will give rise to a 
stationary wave along the 
rod. Asa result the ampli- 
tude of vibration will not be 


ee 
Pid 5a 


owen eee?” 
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the same everywhere. At the N 
fixed end it will be zero, at N2 3 
the free end it will be a maxi- 

mum, The fixed end is a (a) (b) (c) 
node and the free end an Fig. 51 


antinode (Fig. 51a). If the rod is sufficiently long it may have 
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more than one node and antinode (Fig: 51 b,c.) In the figures 


N represents a node and 4 an antinode. 


À bar suitably supported but not clamped, may be thrown 
into transverse stationary vibrations by striking it transversely 
at the middle. This is 


shown in Fig. 59. The 
rod AB vibrates as a 
whole perpendicular to its 


Fig. 52 length, but the points N+ 
and N: never move. The 
two free ends of the bar and its middle point are antinodes. 


If such a bar is gradually 
bent into the shape of a U, the 
two nodes approach the bend 
(Fig. 53). When the arms are 


parallel, the nodes move close to NU / 
the centre and the motion is 
that of a tuning fork. Since the et eode 


mode of vibration of the original p. d ENDE DUM. 


barremains unaltered, the two 


arms of the fork move simulta- WS oN Ww 8 
neously inward or outward, The 
centre of the bar continues to be Fig, 53 
an antinode. It is here that the 
2 stem is attached. Hence the stem is 
d raised as the prongs move outward, and is 


[i 
É lowered as they move 
i 


inward (Fig. 54). 


When the stem of a vibrating fork is press- 
i ed on a board, forced vibrations are, there- 
fore, generated in the latter and the 
intensity of the emitted note increases. 
The note, however, dies away quickly as 
energy is dissipated at a faster rate. 


When a fork is mildly bowed or struck 
it emits its fundamental, which is a pure 
tone free from overtones. But when 
No vigorously excited it emits an overtone, 
the frequency of which is about six 
times that of the fundamental. The 
mode of vibration of the fork when the 
overtone is elicited is shown in Fig. 55, 
This overtone dies away much more 
rapidly than does the fundamental, 
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Tuning forks may be easily maintained in continuous 
vibration by electrical means. Its frequency changes but 
little with temperature. Hence in mea- 
surements of pitch it is used as a standard. 2 
Fora tuning fork of steel the frequency 
diminishes by about one part in ten thou- 
sand for every degree centigrade increase 
of temperature, 


The frequency of a fork varies in- 
versely as the square of its length (l) and 
directly as its thickness (£). So the fre- 
quency is given by 


n= Kt, 

where K is a constant depending on the 
elastic properties and the density of the 
material. Fara steel fork K is found to 
be about 84590. So, high frequency forks 
are shor& and thick. The frequency is 
also proportional to the sjuare root of 
Young's modulus. Loading a fork 
diminishes its frequency ; diminution in- 
creases with the distance of the load from 
the bend. Frequency increases by filing 
prongs near the end, but decreases if filed 
near the stem, 
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Fig. 55 
56. Transverse Vibration of Strings 


Stationary waves in a string. When a String fixed at its 
ends and stretched under a tension is plucked or struck perpendi- 
cular to its length, transverse waves are produced in it. The 
waves move towards the fixed ends and are reflected there. The 


_ Outgoing and the reflected waves produce stationary vibrations 
along the wire, 


The Fundamental fre 


quency of a string, As the two nd 
of the string are fixed, they z ; "ge 


t cannot vibrate ; hence two nodes of 
the Stationary waves are always formed at these two points. 
The simplest possible mode of vibration of the String is one in 
which there are only two nodes in the whole string. The anti- 
node is then at the centre of the string. In this mode the entire 
string moves toand fro in a single segment (Fig. 56a). The 
frequency with which this vibration is executed is called the 
fundamental frequency. Since the distance between two 
adjacent nodes is half the wavelength, the length L of the string 
is related to the wave-length by the relation 


L=i1/2 
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It should be remembered that this wavelength refers to that 
of the stationary waves in the: 


pese eem string. 

B : It may be shown that the 
i H velocity of transverse waves 
N, S NAE M RS a RN PY & stretched wire is given: 

(2) E 
y- "i 3 (561) 

m 
aietan aaaeaii where T=the tension of the- 


string and m=its mass per 
unit length. Hence the fun- 


Ny Ts. ALL damental frequency of the 
(b) wire is 

PS que p i 
A 9L IIN m 

(56:2) 

The above vibrations of 

(c) the wire give rise to vibra- 

, tions of the same frequency im 

Fig. 56 air. The note heard is the 

fundamental note of the 


string. 
ExaMPLEs: (1) Find the velocity of transverse waves in a string under 


a tension of 0'23 kilogram when its length is 65 cms and the mass 0°52: 
gm. If it emits its fundamental, what is the frequency ? 


Solution: Tension in absolute units 023 X 1000 x 981 dynes. 
Mass per unit. length = 95? =0'008 gm/cm. 


s. Velocity of the wave V= vi I 


0°23 X 1000 x 981 
V. / ——— mb e 
008 311 ems/sec. 


Wavelength of the fundamental=2 x 65 cm, 

4 Frequency of tho fundamental V/A 5311/1830 4085 vps. 

(2) An iron wire (sp. gr. 1*8) of 1/6 inch diameter is stretched by a 
weight of 224 lbs. Find the velocity of transverse waves along it, 

Solution: T'=224 x 32 poundals 

Density of a substance in fps. units = 62'5 x sp. gr. (Ib/cu. ft.) 

&—pzDensity of iron=62°5 x 78 Ib per cu, ft, 


a 
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Hence, m=nr?p=52x (4X4 xu)? X625 X78 lb/ft 


y= 324x32 — 
Xx (rir) x620X Tet ll 5 ft/sec. 

Harmonics of a string. A stretched string can also be made 
to vibrate with one or more additional nodes between those at 
the two ends, If the string is lightly touched at its centre 
and bowed at the middle of one of the segments, it will execute 
a vibration in which there will be a node at the centre besides the 
nodes at the ends (Fig. 56b). In this condition the string 
vibrates in two segments which move in opposite directions. 
In this mode of vibration the length of the string is equal to 
the wavelength, or L=\. The frequency is 


=fa1 /Le 
ne "REUS X m: 


The note which the string emits when vibrating in two segments 
has a frequency an octave higher than that of the fundamental. 
We shall call it the second harmonic* in view of the fact that 
its frequency is twice that of the fundamental. The string may 
be made to vibrate in three segments (Fig 56c) by lightly touch- 
ing it at a third of its length to make this point a node, and 
bowing the string at an antinode. The frequency of the note 
emitted will be thrice that of the fundamental. This note is 
called the third harmonic. As a general result it may be stated 
that when the string vibrates in p segments, the frequency of 
its vibration or of the note it emits, is p times that of funda- 
mental. The note emitted is the pth harmonic. 


In this way a vibrating string may be touched at distances 
equal to 1/4, 1/5 ete. of the length from one end and made to 
emit the corresponding harmonic. 


Compound modes of vibration of a string. In general, 
when the string is excited by plucking, bowing or striking, its 
vibrations do not correspond to any one of the modes described 
above. In fact it is extremely difficult to make it vibrate in any 
one of the above modes. The actual vibrations are compounded 
of some or all the modes of which the string is capable. Besides 
the fundamental, the emitted note contains a number of 
overtones which are all hatmonics of the fundamental. 
The quality of tbe emitted note depends on the particular 
harmonics present and on their relative amplitudes. 


pa 
* gome writers call it the first harmonic, It is better to call it the first 


overtone and the second harmonic. 
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EXAMPLE; A steel string 100 cms, long is struck at a point 25 cms. 
from one end. What are the possible modes of vibration and which har- 
monies will be missing ? 


Solution: Those modes of vibration of the string in which it hasa 
node at the point struck, will not be excited. The distance of the point 
struck is 25/100=} fraction of the total length. Hence the 4th, 8th, 12th 
etc, harmonics will have nodes at that point. They will not be excited, 


57. Laws of Transverse Vibration of Strings. 


We have seen earlier that if 2 4s the length of a single segment 
ofa vibrating string of mass per unit length equal to m and 
stretched with a tension T, then the frequency of the string, or 
of the emitted note, is given by - 


el Im 
i s ad (97.1) 


If the total length of the string is L and it vibrates in p segments 
emitting the pth harmonie, we may write 


ud. HT 5 
a S (57.2) 


for the frequency of the pth harmonic. * 


. Several facts follow at once from the relation 57'1. They 
are often called laws of transverse vibration of strings and 
may be stated as follows : 


(1) Law of length. If the mass per unit length and ten: 
sion of a string remain constant, the frequency varies inversely as 
the length, In symbols we may put 


nec : when 7 and m are constant, 


(2) Law of tension. If the length and mass per unit 
length remain constant, the frequency of vibration varies directly 
as the square root of the tension, In symbols, 


noc JT when land m are constant, 
(3) Law of mass. Jf length and tension remain constant, 
the frequency varies inversely as the square root of mass per unit 
length ; or 


noc ". E when / and T are constant, 


d 
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This law may be put in another form for tho strings of circular 
cross section If d is the diameter of the string and p the density 
of the material of which the string is made, then 


m=nr*p = sp 


Lge. m 


AN m lAN gp 
Hence we may state as follows : 


(3a) Law of diameter. If the length, tension and mate: 


rial remain the same, the frequency varies inversely as the 
diameter, 


(80) Law of density. Ifthe length, tension and diameter 
are the same, the frequency varies inversely as the square root 
of the density of the material of the string. 


The laws were discovered by the French mathematician 
Mersenne in 1636, while the formula 57'1 was established 
theoretically by Taylor in 1715. , 


58. Sonometer. 


Mersenne's laws of transverse vibration of strings may be 
verified with a sonometer. Tt consists of two wires stretched on 
a wooden box about a metre long (Fig. 57). One end of each 


Fa 


‘ 


Fig. 57 


of the wires is fixed to a pin ; the other end passes over a smooth 
pulley and supports a suspended hook carrying weights, which 
supply the tension. It is however more convenient to dispense 
with the pulley in one of the wires and alter its tension by 
Wrapping it round an iron peg which may be rotated by means 
ofa wrench key. Its tension may then be continuously altered. 
This wire may be called the auziliary or reference wire and the 
other the main wire. Movable wooden bridges are placed below 
the wires and enable one to vary the vibrating length at will. The 
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wooden box vibrates in tune with the wires and greatly amplifies 
the sound, 


The frequency of the emitted note can be altered by 
(i) altering the tension applied to the wire, or 
(i:) altering the distance between the bridges. 


59. Experimental Verification of the Laws of 
Transverse Vibration of Strings. 


(1) Verification of the Law of Length. Put a sonometer 
wire under a fixed tension. Alter the distance between the 
movable bridges under it until the length Z of the wire between 
the bridges is in unison with a fork of known frequency. Adjust- 
ment for unison may be made by placing a A-shaped paper rider 
at the middle of the segment between the bridges and pressing: 
the stem of the vibrating fork on the sonometer box. When 
the string and the fork are near resonance, the vibrations of 
the string will throw off the rider. Beats will be heard if in this 
condition the fork and the wire are excited at the same time. 
The bridges may now be adjusted so that beats disappear alto- 
gether. Repeat the experiment with other forks keeping the 
tension of the wire constant. 


If the length of the vibrating segments corresponding to. 
forks of frequencies m1, na, ns etc. be li, la, ls etc. it will be found 
that 

nili =nal2= nals etic, 

4. n xl constant, when T and m are constant, i , n ce 1/1, 

(2) Verification of the Law of Tension. Place the auxi- 
liary wire under a given tension. Adjust the bridges under it so 
that the segment of the wire between tho bridges gives a note of 
suitable pitch when plucked. Keep this length and the tension 
in the auxiliary wire constant. Apply various tensions Ti, T, 
T, eto. to the main wire and find the lengths of the main wire 
which give a note in unison with that of the auxiliary wire, 

Let these lengths be l1, l2, la etc. It will be found that 

m m 
AT, es constant. 
lı la 
It follows therefore that when m and n are constant 
JT ec 1. 
But from the first law we got that 


n e when T and m are constant. 


= 


ea 


 — C 
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From these two relations we find that when m is constant, 
ace T. ; 
Therefore, if both m and 1 are constant, we shall have 
noe JT 
(8) Verification of the Law cf Mass. Adjust the auxiliary 
wire to give a fixed note as in the previous experiment, Keep 
the tension in the main wire ata fixed value and bring about 
unison by altering its length. Replace the main wire by wires 


of different diameters and materials, all kept under the same 
tension, and find the resonant length for each. 


If lı, le, ls etc. are the lengths of the wires in unison with 
the fixed wire and mı, ms, ms etc. their masses per unit length, 
it will be found that 


l5 Xx Vm =l2X Vm 7 constant. 
The first law proves that 


n ecc i when both m and T are constant. 


Combining the two we get that 
1 


n ia when T is constant, 


1 
DD n kr. when land T are constant, 


60. Determining the frequency of a Fork with a 
Sonometer. 


The frequency of a tuning fork may be determined with a 
sonometer in any of the two following ways. 


First method. Find the mass m per unit length of the 
sonometer wire. Stretch it in .pofition on the sonometer box 
and apply a known tension to it by hanging known weights from 
its end over the pulley. Let the total mass suspended from the 
wire be M. The tension is then Mg where g is the acceleration 
due to gravity. Excite the experimental fork and press its 
stem lightly on the sonometer box. Alter the distance between 
the bridges under the wire until the notes of the fork and the 
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string are in unison. If i is the resonating length and n the 
required frequency, then 


Repeat the experiment with different tensions and take the mean 
of n. r 

Second method. If a fork of known frequency (ni) is avail- 
able, that (na) of another fork may be determined without 
ascertaining the values of mand T. Keep the sonometer wire 
under a fixed tension and find the lengths i, la of the wire 
which are in unison with the two forks, If nı and mq are the 
frequencies, we shall have 


L1 li =n l; 


. l 
(0371031 A 


la 


EXAMPLES: (1) Apiece of wire 50 cms, long is stretched by a load 
of 25kg and has a mass ofl'44 gm. Find the frequency of (a) the funda- 


mental, and (b) the second harmonic. (g =980 cm/sec”). 
Solution: 795 kg. wt =25x 1000980 dynes 
144 
m TU gm/em 


For the fundamental the length of the vibrating segment is 1=50 cm. 


From the equation 
suh NE 
AUN m 


i 1 25000 x 98U 
e n,=— — 
we hav "n Je, 141/50 


722916 per sec. 


When the string emits the second harmonic, it vibrates in two seg- 
ments each of length 26 ems. Putting this value of] in the formula we 


get 


n,72n, » 5832 per second. 


(2) Two similar wires 54 in. and 86 in, in length respectively emit 
the same note. If the tension of the longer wire is 225 1b., find that of 
the other. 

Solution: If the required tension is W Ib., then 


am? PY ee a ET 
2x36 m 2x64 "m 
F wW 


or 
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(8) Two tuning forks when sounded together give 4 beats per second. 
They are in unison with lengths 96 cm and 97 cm respectively of a wire 
under constant tension. Find the frequencies of the forks. 

Solutions: Let ,, % be the two frequencies, 7 the tension and m the 
mass per unit length of the wire. Then 


na l T dnm ora T. 
2x96 m 2X97'N m 


<. n,/n,=97/96. Further n,-n,—4. Solving 
n,=4 X 96 = 384 per sec, and 
n,=4x97=388 per sec, 

(4) A sonometer wire is in unison with a fork. On shortening the 
wire by 1%, tension remaining constant, 4 beats per second are heard. 
Find the frequency of the fork. 

Solution: Let l be the length when in unison, T the tension and m the 
the mast per unit length. If n be the frequency of the fork, 


fed: T 


2i 


When the length shortens, the frequency rises. The frequency after 


the change of length is n+4 and the new length is—— E i 


100 T 100 
. LE 
E EN EE 


whence — 71-396 per sec, 

(B) A string stretched by a weight of 101b gives a certain note. What 
stretching force must be applied to another string of the same material 
but of twice the length and twice the diameter, so that it gives a note an 
octave higher than the first ? 

Solution: Let 1,, d, be the length and diameter of the first string 
and, d, those of the second. Then1,221, andd,=2d,. Let p be the 
density of the material of the strings. If, is the frequency of the first, 
that of the second will be m, =2n,. Now 


3 where I is the weight required 


Wu ER 
2x21, ized, i mpl,” 


BE x | EE 


ı whence We 640 lbs 
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(6) The length of a sonometer wire between two fixed ends is 100 em. 
Where should two bridges be placed so as to divide the wire in three segments 
whose fundamental frequencies are in the ratio of 1: 2:8 ? 


Solution: Let 1,, 1,1, be the lengths of the segments and n the 
fundamental frequency of/,, so that the other frequencies are 2n and 8n. 
The corresponding wave-lengths are, therefore, 21,, 92, and 2l,. If V is the 
velocity of transverse waves along the wire, we have 

V-nx21,-2nX21,-30X931, whence 
1, =21,=381, 
But 1, +1, +1, 9100, or 91, - 3, +l, =100 or 341,23100. 


od e EX 5 7, = 8x 200 = 800055, 7, = 8% 200 _ 600 


m 3^ 314-1 Loerie N 


r Therefore one bridge should be at a distance of Eu or 54'55 cms, from one 


end and the second bridge at a distance ot Tm or 2727 ems. from this 


bridge or 81 82 ems from the same end, 


61. Stringed Instruments, 


In all stringed musical instruments like the violin, sitar, 
piano, guitar ete , musical notes are produced by the vibration of 
strings, The wires are of different lengths, tensions and masses, 
and are made to vibrate by bowing, plucking or striking. The 
intensity of the sound is sought to be increased by the forced 
vibration of a mass of air associated with the instrument. 


Tn the violin, the strings are of the same length, but their 
mass per unit length differs. Notes are tuned by altering the 
tension. In playing the instrument the note emitted by a string 
is varied by bowing and damping the wire at appropriate points. 
The points of bowing and damping determine the pitch and the 
quality of the note emitted. 

In the piano the strings are of thin steel wire. They are 
set into vibration by the stroke of a soft, leather-covered hammer. 
The wires for high pitched notes are short and thin and under 
high tension. For the lowest notes the strings are loaded by 
winding a fine spiral of wire round them. This increases the 
effective mass per unit length and lowers the pitch, 
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In the harp there is a separate string for each note; but in 
other instruments the number of strings is much less than the 
number of notes required for the music. In such cases the same 
string is made to emit different notes by altering the length of 
its vibrating segment. The vibrations are excited by plucking 
with the fingers, by bowing or striking with a soft, padded 
hammer. 


62. Electrically maintained Tuning Fork, 


It is sometimes necessary to maintain a tuning fork in vibra- 
tion for some time. Forks of low frequencies have long and 
heavy prongs, the vibrations of which may last for a minute or 
more. Forks of higher frequencies haye short prongs. and their- 
vibrations die away much more quickly, 

A fork may however be maintained in vibration for a long 
time by electrical means. “A method of » doing so is described 
below. The fork, F (Fig. 58), is rigidly mounted on a firm sup- 


paidin ae i ae 


r 
L 
1 
[ 
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Fig. 58 


port A while an electromagnet, M, is placed symmetrically 
between the prongs. The lower prong carries a thin platinum 
wire, W, which touches a small platinum disc, D, carried by an 
adjustable screw, S. Electrical connections are made as shown 
in the figure. : 

The fork is set into vibration bya tap. When the lower 
prong moves inwards, the contact at D is broken and the 
current stops. When it moves outwards. the electric circuit is 
closed and current flows through it. This excites the electro- 
magnet, which pulls the prongs together. During the inward 
motion of the prong the current is again broken. During each 
vibration the fork thus gets an inward pull due to the electro- 
magnet and is maintained in vibration by this pull. 


Tae phenomeioa is one of resonance. The driver is the 
ele»tromigaet, wish exerts a pariolic pallon the prongs. The 
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frequency of this pullis regulated by that of the fork, hero the 
driven body. 


63. Melde's Experiments. 


A string stretched under a constant tension can vibrate in 
various modes in which the frequencies differ. If we give to the 
string periodic impulses which agree in frequency with one of 
its modes of vibration, the string will be set in resonant vibra- 
tion in the corresponding mode. 


We have already referred to Melde’s method of setting up 
resonant vibrations in a stretched string (§ 52). A light silk 
cord or a very thin wire is attached to the extremity of one 
prong of a large tuning fork (Fig. 59). The string passes over a 


Fig. 69 


pulley and carries a scale pan at the other end. When the load 
(inclusive of the weight of the scale pan) stretching the string 
has one of a set of definite values, the string is set into resonant 
stationary vibrations when the fork is excited. The number of 
loops in which the string vibrates depends on the load. 

Let n be the frequency of the fork, The frequency of the 
pth harmonic of the string is 


pum 
"PTSEN I 


where L is the length of the string between the pulley and the 
fork. The string vibrates in p loops when n=np ie, when 


aD: fT 
M iN Z 


Since n, L and m are constant, it follows that 
» JT — constant or Tp?=constant. 


This means that the total loads required to make the same 
string vibrate in 1, 2, ,-.. loops are inversely proportional to 
the squares of these numbers, If a load of 100 gm makes a 
string of given length vibrate in one segment, a load of 25 £m 


^ 
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will make it vibrate in two segments, the frequency remaining 
the same. 


There is an important point to notice in connection with 
Melde’s experiments. There are two ways of attaching the 
fork to the string. In one of them the fork vibrates perpendi- 
cular to the length of the string, and in the other parallel to it. 
In the former case the string 
executes one vibration in the 
time in which the fork also 
executes one. But in the 
latter case (where the vibra- (a) 
tions of the fork are parallel 
to the string) the thread is 
tightest when the prong is at 
the end of its swing away (2) 
from the pulley (Fig. 60 b). 

It sags most when the prong 
is nearest to the pulley (Fig. : 
60 a) As the prong swings Pk aa i 


away from this position, it 


stretches the thread to its ©) 

maximum when at the other 

end of the swing. When the \ 
prong returns, the string no 

longer sags, but is carried up- Fig. 60 


ward by virtue of its inertia 

(Fig. 60 c). When the prong reaches its position nearest to the 
pulley a second time, the thread acquires its maximum dis- 
placement above the horizontal. This shows that during one 
complete vibration of the fork the string executes half a vibration, 
Thus when the vibration of the fork is parallel to the string, the 
frequency of the string is half that of the fork. 


SUMMARY 


The vibration of a tuning fork may be considered as the transverse 
vibration of a rod, Daring vibration both prongs move inward or outward 
at the same time, There are two nodes near the bend. The middle point 
of the fork is an antinode. This makes the stem vibrate longitudinally 
when the fork is excited, If during vibration the stem is lightly pressed 
ona board the latter ia thrown into forced vibration, This intensifies the 
emitted sound ; but the sound dies out quickly due to rapid dissipation of 
energy. 

Stationary waves are produced in a stretched string fixed at both ends. 
The fixed ends of the string are always nodes, If the string vibrates as 
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a whole then its centre is an antinode and the emitted note is the funda- 
mental. The wire may vibrate in more segments than one. In that case 
there will be one or more nodes in between the twoends. The frequency 
-of the note emitted when the string vibrates in two segments is double 
the fundamental. This note is called the second harmonic, The third, 
fourth, etc., harmonics are obtained when the string vibrates in three, four 
‘ete, segments. 


Velocity of transverse waves along a wire is T2 Th» where T is 
the tension and m the mass per unit length. If the length of a vibrating 


segment of the string (ie, of a loop) is 1, the frequency of the emitted 
note is 


"tu 


From thís equation it follows that the frequency of the note emitted 
bya string in tranverse vibration fs (1) inversely proportional to the 
length of a vibrating segment, (2) directly provortional to the square root 
-of the tension, and (8) inversely proportional to the square root of mass 
per unit length, These statements are known as LAWS OF TRANSVERSE 
VIBRATION OF STRINGS. For cylindrical wires the frequency is (4) inversely 
proportional to the diameter. Frequency of a fork can be found witha 
Sonometer, 


EXERCISES 


l. Discuss the nature of the vibrations of a tuning fork. What 
happens when the stem of a vibrating fork is pressed ona light wooden 
board ? 

You have two identical forks one of which is mounted on a resonating 
box, Do their vibrations last the same time when they are identically 
excited ? Explain your answer, 

2. Discuss the nature of the vibrations of a string kept under tension 
between two fixed points, 

If the string is plucked at a point whose distance from one end is an 
aliquot part of the length of the string, what effect will the position of the 
point of plucking have on the quality of the note ? 

8. State the laws of vibration of a stretched string and describe how 
they may be verified experimentally, 

4. Obtain an expression for the frequency of the note emitted by 
a string under tension. 

Two strings of the same material and diameter are in uníson. One is 
86 inches long and stretched by a load of 100 1b. The other is stretched 
by 225 Ib. Find the length of the latter, [Ans : 64 fn.] 
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5. Describe a sonometer and state how you will use it to find the 
“frequency of a fork. 

6. Indicate how in stringed instruments sound is intensified by forced 
vibration and resonance. 

A violinist can elicit all notes of a musical scale though there are only 
4 strings on his instrament. State how this is brought about. 

7. What is the frequency of a fork in unison with a wire of length 
60 cm, mass 135 gm and stretched by a tension of 25 kg? (g=980) 

[Ans : 813 vps] 

8. What tension must be applied to a sonometer wire 40 cm long and 
-0'5 mm in diameter so as to give the same note asa siren with 50 holes 
making 10 revolutions per sec. (Density of material of sonometer wire 
is 8'9 gm/ce.) [Ans : 27176 x 10? dynes]. 

9. A wire is 30 in. long and 0'02 in. in diameter It yields a note of 
frequency 200. Another wire of the same material has the same load as 
the first, but is 20 in, long and 0'025 in. in diameter. Find the frequency 
-of its fundamental. [Ans : 240 vps.] 

10. A wire 100 inches long has a load of 220 lb, Another similar wire 
-emits a fundamental which is two octaves higher than that of the first. If 
‘the load on the latter is 180 1b, what is its length ? [ Ans : 201 in.] 

11. A sonometer wire passes over two bridges 50 cm, apart, the 
-stretching force being 10 kg. What change in (a) the distance between the 
‘bridges, (b) the stretching force, will produce a change of 1% in the 
‘frequency of the fundamental note ? [Ans : (a) 0°46 em ; (b) 0'2 kg.] 


19. When a string and a tuning fork are sounding together they 
produce 6 beats per second when the length ofthe string is either 70 or 78 
«m, What is the frequency of the fork ? [ Ans : 174 vps.] 


CHAPTER IX 


VIBRATION OF AIR COLUMNS 


Stationary waves are generated in a column of air when two 
identical wave trains move through itin opposite directions. 
Such a vibrating air column serves as a source of sound. Instru- 
ments like the organ, flute, clarionet etc., have been designed 
on this principle. The air column is enclosed in a pipe or tube 
whose shape as also the method of excitation varies greatly. 
The pitch and quality of the emitted sound depends on the 
length and shape of the tube, as well as on the fact whether the 
tube is open at one or both ends. 


64. Tube closed at one End. 


When a vibrating tuning fork is suitably held over one end 
of a pipe the other end of which is closed, waves of compression 
and rarefaction travel down the tube and are reflected from the 
fixed end. Superposition of these two oppositely moving wave- 
trains produces stationary waves in the aircolumn. The forced 
stationary vibration into which the column of air is thrown is 
executed with a small amplitude and the sound it gives out will 
be hardly audible. If, however, the frequency of the impressed 
waves coincides with the natural frequency of the air column, 
resonance will occur and a loud sound will be emitted. 


To calculate the natural frequency of a pipe clesed at one 
end, briefly called a closed pipe, we proceed as follows. Since 
the closed end is practically an immovable reflector, the particles 
of air in contact with it cannot vibrate. Hence the nature of 
incident and reflected waves at the closed end will not displace 
the layer of air in contact with this end. In other words there 
will be a node at the closed end. 


While executing natural vibrations, the air particles at the 
open end will have the maximum freedom of movement. So 


—ao———————"— ———— 


emitted. Denoting this wavelength by ào we 
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the displacement here will be a maximum. Hence in natural 
vibrations there will always be an antinode at this end. 
[ Compare the vibration of a clamped steel strip (Fig, 11) ]. 

It follows therefore that the natural vibrations of the column 


“of air in a pipe closed at one end are such that there is a node 
at the closed end and an antinode at the open. Stationary 


waves which fulfil this condition may have various wave- 
lengths. 


In Chapter VII if has been shown that the distance between 
a node and an antinode is 1/4 or any odd multiple thereof. 
Hence the air column in a closed pipe is capable of vibrating 
with such wavelengths only as would make the length of the pipe 
equal to an odd multiple of a quarter of the wavelength. In that 
case the relation between the length 1 of the pipe and the 
wavelength A will be 


1=(2m-+1) à where m=0, 1, 2, 3 eto. (64.1) 


If V is the velocity of the wayes (here longitudinal waves in 
air ie. a sound wave), then the frequency of the emitted tone 
will be 


LS Vy 
MET Ta (2m-+1) al (64.2) 


(a) Fundamental tone. In the simplest mode of vibration 
there is no other node or antinode in the 
pipe except at the ends. In this case the (a) 
distance between them is evidently equal to 
& quarter of the wavelength of the note ^ 


have 


tate vr hdi (4.8) 


This corresponds to m = 0 in equation 
(64.1). The pipe cannot emit a longer wave. 
If no is the frequency of the emitted note 
and V the velocity of sound, then 


ee (64.4) 


i 
i 


Lo nen, 
TOA 


or V=4lno (64.5) 


: (0) 
This is the lowest frequency which the pipe Fig. 61 
can emit and is called the fundamental. : 
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The mode of vibration of an air column when it emits the: 
fundamental is shown in Fig. 61. The amplitude of beers 
air partieles gradually di- 
^ 1 | Alt | minishes from the open: 
end towards the closed 
ene [as shown in Fig. 
61 (a) by broken inse d 
It should be remembered 
that the vibrations are- 
parallel to the length of 
the tube and longitudinal. 
in character. The varia- 
i tion of pressure in a layer 
NI NI of air is à maximum ab 
(a) (5) the node and a minimum. 
at the antinode. Fig. 
iia 2 61(b) shows the compress- 
ed and rarefied condition of air layers in different parts of the- 
tube when there is a compression at the node. The whole: 
column moves towards or away from the node at the same time, 


(b) First overtone or third harmonic. In the mode of 
vibration coming next in order of simplicity there is an extra. 
pair of node (71) and antinode (a1) between the ends of the pipe- 
(Fig. 625). If the wavelength of the note is A1: then 


E 


3 4l 
=- zm 4. e 
l gor As 3 (64.6) 
This corresponds to m=1 in equation 64.1, The frequency of 
the note is 
PENS wt * 
my uoa ano. (64.7) 
This note is called the first overtone and its frequency is three 
times that of the fundamental. It is also called the third har- 
monic, 


(c) Second overtone or fifth harmonic. If there be two 
pairs of nodes and antinodes between the ends of the tube 
(Fig. 62c) there will be five quarter-wavelengths in the length 
of the tube, The wavelength Àz of the note will be given by 


0993, or A= ty (64.8). 
4 5 


This corresponds-to m9 in eqn. 64.1. 
The frequency of the note is given by 


Rie 


n; = — > — = Dno (64.9) 
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This is a frequency five times that of the fundamental. 
It is called the fifth harmonic or the second overtone. 


Putting m=3,4 etc. in succession in equations 64.1 and 
64.2 we can calculate the wavelengths and the frequencies of 
the higher overtones. The third overtone has m=3, the fourth 

m=4 etc. These notes are respectively the seventh and the 
` ninth harmonic, Equation 64.9 shows that only the odd 
harmonics of the fundamental can be obtained from a. 
closed pipe, ie. the frequencies of the harmonics will be 375, 
Dno, Tno etc., where no is the fundamental frequency. 


As in the case of a string, it is difficult to excite any of the 
above pure modes of vibration. The particular overtones excited: 
and their intensity relative to the fundamental depend on the 
mode of excitation. The quality of the emitted note is deter- 
mined by the number of overtones present and their relative 
intensity, 

By blowing mildly across the mouth of an empty bottle the 
column of air in it may be made to emit its fundamental. But. 
if the blowing is hard the next overtone, i.e. the third harmonic, 
may be elicited in strength. 


65. Tube Open at Both Ends, 


If a continuous vibration is generated at one end of an 
air column ina tube open at both ends, waves of compression: 
and rarefaction will travel through the column till they reach the 
other end. A small fraction of the energy leaves the tube as 
the wave reaches an end, while the rest is reflected back* 
along the tube. A compression is reflected as a rarefaction and 
vice versa. The incident and the reflected waves give rise to 


* As a compression moves along the tube a layer moves through a 
small distance (say d) before it comes to rest and hands over its energy to 
the next layer. If the time for it is £, the waves travel a distance ví within 
the tube in the mean time. If s is the cross-section of the tube, a 
volume sd is forced into a volume svt by the compression. At the end 
of the tube the wave spreads approximately over a sphere of radius vi in 
the same time. The same volume sd being now forced into a larger 
volume, the compression at the open end will be much less. Hence the end 
layer moves over a distance longer thand before it expends its energy. 
The movement of the end layer being greater in extent than the layers 
behind it in the tube, a partial vacuum 1s created behind this layer. 
This starts a rarefaction backwards along the tube. Thusa compression 
ás reflected as rarefaction at the open end, while a part of the energy 
leaves the tube as a compression of a progressive wave in the outer 
medium, 

Similar arguments can be presented to show how a rarefaction is sent 
back as a compression from the free end. 
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forced stationary vibration of the air column. The vibration 
willbe the strongest when the period of the forced vibration coin- 
cides with the natural period of vibration of the air column in 
the open tube. 


The frequency of the natural vibration can be easily calcu- , 
lated, The air particles at the open ends have the maximum 
freedom of «vibration (because they can move in all directions, 
while those in the tube are constrained to move in one direction 
only). In the natural vibration of the air column the ends of 
the tube will therefore be places of maximum vibration, i.e., two 
antinodes will always be formed at the,ends of a tube open 
at both ends. 

Thus, in the natural vibration of the air columnina 
pipe open at both ends, only those stationary waves will 
be set up in which the distance between two antinodes is 
equal to the length of the pipe. 


Now, the distance between two antinodes expressed in terms 
of the wavelength is mA/9 where m is an integer and may have 
the values 1, 2, 3 ote. 

Hence the relation between the length J of the pipe and the 
wavelength A of the longitudinal stationary waves that may be 
produced in it is given by 

l=my/2 or x=% (65.1) 
m 

If V is the velocity of sound, the 

frequency of the note will be 


Suge n 5 
pats mXa (65.9) 


(a) Fundamental Tone. The simplest 
modein which the air in an open tube 
can vibrate is that in which there is no 
other antinode except those at the ends, 
Denoting the corresponding wevelength 
by X1 we have 14/2 


or \,;=2l (65.3) 
The frequency n; of this note is 
e AS 4 (65.4) 
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This corresponds to m=1in Eqs. 65. 1 and 65. 2, and gives 
the wavelength of the longest wave which the tube can emit. 
The frequency of the note is the lowest of all possible values. 
This note is the fundamental. There will bea single node in 
this case and that at the middle of the tube (Fig. 63). Air on 
both sides of the node will be displaced towards the node or 
away from if at the same time. The displacement increases 
from the node to the antinode (Fig. 63a and 5). The maximum 
‘compression occurs at the node and hence the change of pressure 
or density is greater at this place than at any other (Fig. 63b). 

(b) Second harmonic. The mode of vibration coming 


next in order of simplicity is the one in which there is one more 
antinode midway be- 


tween the antinodes at All f All| | All f 
the ends (ie. three anti- rea 
nodes and two nodes in Bs Tem 
all, Fig. 64b). Since the T adt | 
distance between a node 

and its neighbouring anti- ME ail] l nj = 
node is one-fourth of a 

wavelength, a study of A. EE 
Fig. 64(b) shows that ey ME 


there are four quarter 


waves in the entire length [3 
of the tube, Hence the all | adl | ^ 


wavelength 4; in this case (a) (5) (o) 
is equal to 7 Fig. 64 
ie. A=] (65.5) 


This corresponds to m=2 in Eq. 60.1. The frequency of 
the note is 
mu T os, (65.6) 
åa l 
The frequency is twice that of the fundamental, It is 
called the second harmonic. . 

(c) Third harmonic. The next harmonie will have two 
antinodes besides the two at the ends (Fig. 64c), There are 
three half-waves in the whole length of the tube. Hence the 
wavelength 4; is given by 


1=3x ta or M=21/3 (65.7) 
This correponds to m —3. The frequency of the note is 
aL Sh (65.8) 
"s à 72i 9n 


This note has a frequency thrice that of the fundamental 
called the third harmonic. 


Part I1—8 
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Putting m=4, 5, 6 etc. in equations 65.1 and 65.2 we get 
the wavelengths and frequencies of the fourth and successive 
higher harmonics. Asin the closed tube it is very difficult to 
elicit any one of the above modes of vibration singly. The 
fundamental and a number of overtones ure given out at the 
same time, 

We find here an important difference in the production of 
overtones by air columns in closed and open tubes. In closed 
tubes overtones are odd harmonics of the fundamental, 
while in open tubes all the harmonics (odd or even) may 
be present as overtones. 


66. Comparison between Closed ani Open Tubes. 


We set below in a tabular form a comparison of the beha- 
viours of air columns in closed and open tubes. 


Closed Tube Open Tube 
1. Must have anantinode at | 1. Must have antinodes at 
the open end and a node both ends. 
at the closed. 
2. Possible wavelengths 2. Possible wavelengths 
qa i i22 
2m+1 m 
(m=0, 1, 2, 8 ete.) (m=1, 2, 8 eto.) 
8. Possible frequencies 3. Possible frequencies 
n=” = (2m+1) a n Tome 
4. Forthe fundamental m=0 | 4: Forthe fundamental m=1 
A,=4l 31721 
m V/A me V/21 


It will be seen that for tubes of the same length, the 
fundamental frequency of an open tube is twice that of a closed 
one. To produce the same fundamental the length of a closed 
pipe should be half that of open pipe. 


Closed Tube Open Tube 

5. First overtone hasm=1, | 5. First overtone has m=Q2, 
A=41/3, n=3n. This 4=1, n-9n,. This is tbe 
is the third harmonic. second harmonic. 

6. Second overtone has m*2, | 6. Second overtone has m=3, 
A-—bl/5,n-75m. Itis the A=21/3, n=8ny. It is the 
fifth harmonic. third harmonic. 

7. Only odd harmonics | 7. All harmonics, whether 
may be present. odd or even, may be 


present, 
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Fig. 65 shows the number, 
position. etc., of the nodes and 
antinodes in the two types of 
tubes when each emits its first 
overtone. Fig. 66 does so for 
the second overtone. In draw- 
ing these diagrams and finding 
the wavelengths it may be 
noted that every successive 
overtone has one node 
and one  antinode more 
than the preceding over- 
tone and that the distance 
between successive nodes 
and antinodes is a quarter 
of the wavelength, 


Fig. 66 


67. Organ Pipes. 


The most important application of the vibration of an air 
column is found in the construction of organ pipes. They may 
have a circular or rectangular cross-section, One end of the 
pipe may be open (open pipe), or it may be closed by a tight- 
fitting adjustable piston (stopped or closed pipe). The length 
of the pipe is determined by the note to be produced. The 
lateral dimension has no effect on pitch and is 
always small compared with the wavelength. 


The other end of the pipe bas a special con- 
struction as shown in Fig. 67. The tapering end 
at the bottom is connected to a wind chest fed by 
the bellows. The stream of air from the chest is 
forced through the narrow slit S and impinges 
upon the edge E or passes very near it. Eis the 
upper boundary ofa rectangular opening in the 
side of the pipe. This opening connects the air 
column with the outer air and makes this end of 
the pipe an open end. 

When the blast of air from the wind chest is 
adjusted properly, the pipe speaks, ie., emits a 
sound, The air column in it has been thrown, by 
resonance, into stationary vibration. A moderate 
blast brings out the fundamental; stronger 
blowing gives the harmonics. 

[The sheet of air impinging on E gives rise to 
a periodic vibration in the air known as the edge 
tone. Resonanca occurs with this tone. Discussion 
of edge tones is beyond the scope of this book-] 
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Motion of air in an organ pipe. Savart devised 
a simple method of demonstrating tle motion of air 
in an organ pipe during vibration. A thin membrane 
stretched over a light ring is suspended like a scale 
pan from the end of a thread. Fine, dry sand is 
scattered over it. It is then lowered into the pipe 
during vibration (Fig. 68). 

At an antinode, where the air particles have 
maximum displacement, the membrane moves up 
and down very rapidly. Its motion is too rapid to 
be seen, but the rattling of the sand particles may 
be distinctly heard. 

Ata node, the membrane is at rest; there is no 
rattling of the sand. As the membrane is moved 
from a node towards an antinode the rattling sound 
gradually increases in intensity and reaches a maxi- 
mum at the antinode. If carried beyond the anti- 

Fig. 68 ^ node the sound diminishes. 

If the tube is provided with a glass wall, the motion of the 

sand at the antinode can be distinctly seen. 


68. Determination of the Frequency of a Fork by 
Resonance with an Air Column. 

The frequency of a fork may be determined by setting up 
with it resonance ina column of air of adjustable length. The 
frequency can then be  deter- 
mined from the length of the 
column, An open pipe which 
has one end immersed in water 
functions as a closed pipe. The 
length of the enclosed air column 
can be altered by varying the 
depth of immersion. 

To find the frequency of the 
fork, the vibrating fork is held at 
the open mouth of the tube which 
has been sunk to the maximum 
depth. The tube is then slowly 
raised (Fig. 69), At a particular 
length the air in the tube will 
be thrown into resonant vibration 
by the fork and emit a fairly loud 
sound. Since we started from a 
very short length, the note emit- 
ted by the air column is its funda- 
mental. If V is the velocity of 
sound in air, / the length of the 
resonant air column and n the 
frequeney, then from Eq. 64'5 

V=4ln or n=ViA4l (68.1) 


VIBRATION OF AIR COLUMNS 117 


Knowing V and measuring l we can find n, the frequency of 
the fork. If we know m, we can, from the relation V=4ln, 
find V. By this method the velocity of sound in air can be deter- 
mined in the laboratory. 


If the pips is filled with a gas other than air, the velocity 
of sound in the gas can be found by the same method. 


End Correction. The famous scientist, Lerd Rayleigh, has 
theoretically shown that if stationary waves are generated in a 
tube, the antinode is not formed exactly at the open end of the 
tube but lies a little beyond it. Ifthe radius of the tube is 7, 
the antinode will be at a distance 0.6r away from the open end, 


Therefore, ifthe actual length of the tube is 7, the distance 
between the nóde at the closed end and the antinode ss $e ones 
end is (i+0°6r). To correct for this effect at the end we should 
write Eq. 68.1 as 


EEES S 
ae n= XU 067) (68.2) 
Alternativ: method. There is alternative method of 


eliminating the end effect. If we keep on increasing the length 
of the air column beyond the first resonance, a second resonance 
will occur when the length of the tube increases to nearly. three 
times its previous value. In this condition the tube emits its 
first overtone of third harmonic. 
Let the wivelength of the note emitted by the fork be A. 
Tf l; is the length at the first rosonance, then 
M4 — lc 076r (A) 
If la be the length of the vibrating column at the second 
resonance then 
34/4 =12+0'6r (B) 
[The matter will be clearly understood if we imagine the 
closed end, ġe. the water surface in the tube to lie at N; in 
Fig. 65/b) at the time of the first resonance, and at N, at the 


second] 
Subtracting (A) from (B), we have 
12-714 - ls 
JO V=nd=2nl(la—-h) (68.3) 


This relation is free from end correction. 
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EXAMPLES: (1) The shortest length of an air column in a pipe closed 
at one end which resonates to a fo:k of frequency 320 per sec is 24°5 cm. 
Compute the velocity of sound, given that the diameter of the pipe is 5 cm. 

Solution: The end-correction=0'6r=0'6 x 2°5=1°5 cm. 

«e The corrected length=24'5+1°5=26 cm. 

Hence V=4In=4 x 26 X 320 =33280 cm/sec. 

(2) A fork is found to resonate to an air column closed at one end, 
when its apparent lengths are 27 cms and 82 ems, Ifthe velocity of sound 
is 330 metres/sec. compnte the frequency of the fork and the end correction. 


Solution : V=2n(l, -1,) 
or 33000 = 2n x (82-27)—2nX 55 
- 33000 
s. Óe 10 =300 
Vidi Eu 0 ee - un 09000. Le se ere 
4n 4x300 


4, End-eorrection 22775 — 27:0 =0°5 cm. 


69. Effectof Temperature and Humidity on the 
Frequency of an Organ Pipe. 


The frequency of the note emitted by a pipe is given by 
n=(2m+1) V/Al or n=mV/2l according as the pipe is closed 
or open. Hence for a pipe of given length the frequency of the 
emitted note will be affected by the factors which affect V. Here 
V is the velocity of sound $n the column of gas enclosed by the 
pipe. It depends on the nature of the gas, its temperature and 
humidity. These factors will affect n. 

EXAMPLES: (1) Aclosed pipe 25 cms long is filled in turn with (a) 
hydrogen, (b) air and (c) carbon dioxide, under the same condition of 
temperature and pressure. The densities of the gases are in the ratio 
1: 144: 22, If the velocity of sound in air is 330 metres/sec, find the 
frequencies of the fundamental in the three gases. 

Solution : Since pressure and temperature are constant, it follows from 


the relation V= af aat the velocity of sound in the three gases will be 


inversely proportional to the square root of the density. Denoting velocities 
in H, and CO, by V; and V: respectively, we have 


Va Je we ; 
33000 NES Vn= V 14 4 X 33000 cm per sec 


72125200 ems per sec 


Ve 144 144 
sannn=,/ —— —— XES n js 
and 88000 af " or Ve= 23 000 em per sec 


726700 cm per sec. 
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The fundamental frequency is m=V/tl=V/100, whence the values of 
fi in air, hydrogen and carbon dioxide come out respectively as 330, 1252 and 
267 per sec. 

(3) The frequency of a note emitted by an open tube at 10°C is 100 per 
sec, What will be the value at 30°C ? 

Solution: We know that the velocity in a gas is proportional to the 
square root of the absolute temperature. 

3 EN E Hence um Vio n 288 
Tas 803 nso Vso 303 


OF fo tio J an x 103521035 per sec. 


(8) Two open organ pipes give 6 beats when sounded together in air 
at 10°C, What will be the number of beats at 24°C ? 

Solution: At 10°C velocity in one of the pipes is V=2nl where! 
is the length of the pipe and m the frequency of the emitted note. For the 
other pipe of length l', V=2n'l' where n' is the frequency of the note. 
Number of beats 


= -— ETE a) 
n-an- hi r) i ( 
If V' be the velocity of sound at 24°, the number of beats 
E ut (LE at b 
v -n) e 


From eqns, (a) and (b) 
Nc PU 13/13 f 
OS n a aaas a ea Seren N=6'15 
°F ry. Usr*n 59 


70. Helmholtz Resonators. 


To pick up and magnify vibrations of particular frequencies 
from a complex sound and thus help analysing it, Helmholtz 
designed simple instruments known as resonators. One type of 
resonators consists of a hollow sphere of metal or glass (Fig. 70), 
having a wide cylindrical neck at one end and a small aperture 
with a narrow stem at the other. The latter is connected with 


the ear by a tube. 


The air in the wider neck is 
capable of performing vibrations 
similar to those of a body at- 
tached to a spring. The air in 
the bulb acts like the spring. 
The natural frequency of oscil- 
lation depends upon the volume 
vof the enclosed air, the length 
land the cross-section s of the 
neck. It is given by 
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where K is a numerical constant and V the velocity of sound. 
The natural frequency can be lowered by partly covering the 
mouth of the neck. 

Another type of resonator is cylindrical in shape. The 
cylinder is made in two pieces, one of which can slide into the 
other. Its natural frequency can thus be changed. 

Ifa complex sound wave contains a ione whose frequency 
is identical with the natural frequency of a resonator, the latter 
will respond to the tone. The resonant vibration of the air in 
the resonator may be detected by the ear. 

If a set of such resonators is available, it will be possible 
to pick out the overtones present in a sound and to make a 
rough estimate of their intensities, 


SUMMARY 


Natural stationary vibrations can be set up in an air column enclosed 
ina pipe open at one or both ends. Such a vibrating air column isa 
Source of sound. Musical instruments like the flute, organ, clarionet ete, 
depend for their action on Stationary vibrations of air-columns. The fre- 
quency of the emitted note depends on the length of the pipe, the velocity 
of sound in the column and the fact whether the pipe is open at one end 
or both, 

The wavelength of the Stationary wayes in a pipe closed at one end 
is obtained from the relation A=41/(2m+1) where m=0 or any integer, 
When m=0, the note emitted is called the FUNDAMENTAL, m=] gives 
the first overtone or the third harmonie; m=2 the second overtone or fifth 
harmonic, In a pipe closed at one end only odd harmonics can be excited, 
The closed end of the pipe is always a node and the open end an 
antinode, 

If both ends of the pipe are open, then the wavelength of the stationary 
wave will be X=21/m, m=] gives the FUNDAMENTAL; m=2, the second 
harmonic ; m=3, the third harmonic ete. All harmonics may bé present in 
Pipes open at both ends. The open ends are always antinodes, In both 
pipes every succeeding overtone has one node and one untinode more than 
its immediate predecessor, 

The frequency of a fork or the velocity of sound in the laboratory may 
be determined by the resonance of an air-column, Factors which affect the 
velocity of sound also affect the frequency of a note emitted by a pipe. 
The frequeney therefore depends on the nature of the gas, its temperature 
and humidity. 
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Whether a note contains a certain tone can be determined with the help. 
of a Helmholtz resonator, 


EXERCISES 


l. Explain the way in which the air vibrates in a closed organ pipe 
emitting its fundamental. What evidence of the vibration can you provide f 
Obtain expressions for the frequencies of the fundamental and harmonie 
tones that the pipe emits. 

‘2, Describe an open organ pipe and explain its mode of vibration. What 
happens if the open end is suddenly closed ? 

8. Account for difference in quality between the notes of the same pitch, 
from a closed and an open organ pipe. 

4. A fork in continuous vibration is held at the open mouth of a tall 
jar and water is gradually poured into the jar. Explain the acoustic effect. 
you will hear. 

5. A brass tube closed at one end readily responds to a tuning fork at 
the ordinary temperature, but not when considerably heated, Could it be- 
made to respond otherwise than by altering its length ? 

[Hint: Partially closing the open mouth of a closed pipe lowers the 
the natural frequency.] ` 

6. An open organ pipe while emitting its fundamental is in unison with 
a violin string of length 25 ems and under a stretching force of 9x 10° dynes, 
If the string weighs 4 gms per metre, find the length of the pipe. The 
velocity of sound in the pipe is 800 metres per sec. 
‘Ans: 55cm] 

7. How can you demonstrate the presence of nodes and antinodes in an 
organ pipe ? 

8. What is meant by resonance? Indicate how it can be used to find: 
the velocity of sound in air or any other gas, 

9. Two ergan pípes when sounded together produce 4 beats per sec. 
If the length of the shorter pipe be 80 inches, what is the length of the: 
other ? (Velocity of sound is 1120 ft/ sec). [Ans: 80°65 in.] 

10, What is the frequency of the fundamental given out by an open 
organ pipe of length 4 ft, the velocity of sound being 1120 ft per sec. 

[Ans : 187'5 per sec.) 
Discuss how the note given by an organ pipe would be affected by” 
(a) partly covering the open end, 
(b) lengthening the pipe, 
(c) increasing the temperature of the air inside the pipe. 
11. An open organ pipe emits a fundamental of frequency 256 cps. when 
sounded in air. If the velocities of sound in afr and coal gas are 360 and 


^ 
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500 metres per sec. respectively, find the pitch and wavelength of the note 
“emitted by the pipe in an atmosphere of coal gas. 
[Ans: Frequency 366 cps (nearly) ; wavelength 136:7.] 

12, The fundamental of a closed tube 2 ft long isin unison with a fork 
at 20°C, How many beats will it produce per sec if the temperature 
rises to 30°C ? The velocity of sound increased by 2 ft. per sec per °C rise 
in temperature, [Ans : 2°5.] 

18. State and account for the difference between the modes of vibration 
‘of the air at the middle points of a closed and an open organ pipe. Describe 
a simple method of exhibiting this difference. 

14. A cylindrical tnbe 100 em long and of 2 em diameter is completely 
filled with water and stands upright. A fork of frequency 510 eps is conti- 
nually sounded at the upper end of the tube which is open, Water is now 
gradually drained off the tube. Describe exactly what you expect to observe. 
Velocity of sound in air is 840 metres per sec, 

[Ans : Resonance when air column is 16 em, 491 cm and 823 cm long.] 

15. How would you demonstrate that the best resonant length for a 
closed and an open organ pipe is one-fourth and half a wavelength 
Tespectively ? 

16. Velocity of sound in hydrogen is 1296:5 metres per sec. Find the 
length of a closed organ pipefilled with hydrogen whose fundamental is in 
unison with a fork of frequency 512 cps. [Ans : 68:3 cm approx] 


CHAPTER VIII 


RECORDING AND REPRODUCTION 
OF SOUND 


71. Principle of Reproduction of Sound. 


à A sound wave falling on a thin membrane sets it into 
"vibration according to the characteristics of the incident wave. 
If, by any means, the membrane could be made to vibrate precise- 
ly in the way when the sound waves impinged on it, it will 
‘set the air into vibration in the same way as the original sound 
wave did, The original sound will thus be reproduced. 

The nature of vibration of the membrane is determined by 
‘the wave-form of the incident sound waves, We thus often 
say that recording of sound waves consists in storing the wave 
form for subsequent reproduction. There are various ways of 
‘doing so. In cylinder recording, as in the phonograph, the 
wave form is stored in the form of a gcoove of varying depth 
(hill-and-dale form). In the gramophone disc this is done by 
a spiral groove of constant depth, but having lateral excursions 
of small and varying amplitudes. These will be clear as we 
study the devices. 


72. The Phonograph. 


The phonograph is the first successful device that could 
‘mechanically record and reproduce sounds of speech and music. 
Tt was invented hy Thomas Alva 
Edison in 1878. It consists 
(Fig. 71) of a horn H, the 
parrow end of which is closed 
bya circular diaphragm D. A 


light style P is fixed at right A 
angles to the diaphragm at its Ww 
‘centre. D 


The sound to be recorded 
is produced in front of the 
horn. The sound waves, inten- 
sified by the horn, cause the 
diaphragm to vibrate according 
to the pressure variation in the 
wave. This causes the style to 
vibrate at right angles to the diaphragm. 
The style is in contact with a layer W of special wax 
covering the cylinder A. A may be rotated about its axis and 
advances as it rotates. If the cylinder rotates without any 
sound wave impinging on H, the style traces a groove of 
uniform depth in the wax. But when sound waves fall upon the 


Fig. 71 


124 SOUND 


membrane, its vibration causes the depth of the groove to vary 
in accordance with its own motion which is controlled by the 
sound waves. This groove of varying depth is the record of 
the sound, 

During this process the wax is soft, but after the impression 
has been taken it is allowed to harden. 

To reproduce the sound from the record the style is placed 
at the starting point and the cylinder rotated at the same cons-- 
tant speed as when taking the record The end of the style 
follows the groove and causes the membrane to vibrate in the 
Same way as it did at the time of recording. The membrane 
makes the air vibrate as in the original sound, which is thus 
reproduced, 

The main defects of the phonograph are the following ; 

(1) the record on the wax deteriorates very rapidly ; 

(2) the reproduced sound is much distorted due to the: 

mechanical resonance of the horn and the membrane. 


73. The Gramophone. 


The defects of the phonograph have been largely removed 
in a modern gramophone, Here, the record is a circular dise of 
a hard material. The sound track is a spiral groove of uniform 
depth on the surface of the disc. As the pin moves along the 
spiral it makes lateral excursions on both side of it. These 
side-cuts are wavy lines of varied but small amplitude not exceed- 
ing one-hundredth of an inch, which have been produced by the 
recorded sound and are characteristic of it. Hence, the pin 
does not vibrate up and down as it proceeds along the record, 
but moves horizontally in a wavy 
track, This and the hardness of the 
materialof which the record is made 
reduce the wear and give the record a 
long life, Further, by improvement 
in the designs of the horn and t] e 
vibrating membrane, undesirable re- 
Sonance is kept at minimum, 

The most important pirt of a 
moden gramophone is the sound 
box (Fig. 72). Ithasa thin ciacular 
metal diaphragm D. corrugated in a 
special way to improve the reproduc- 
ti^n of notes of low pitch, It is held 
around its outer edge between rubber 
washers, One end of a metal lever 
is attached to the middle of the 
diaphragm. "The needle N lies at the 
other end of the lever which has its 
fulerum at P. 


Fig. 72 
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The diaphragm closes the aperture of a cylindrical box 
"which communicates with a horn, part of which forms the 
tone-arm. The tone-arm can rotate about a point at some 
distance from the revolving record. This enables the needle to 
follow the groove with little side thrust. 

When the record rotates with the needle in the groove, the 
moedle moves to and fro laterally along the wavy track at the 
bottom of the groove ; these movements are transmitted by the 
lever to the diaphragm, which is thus made to vibrate. These 
vibrations generate vibrations in the air of the tone arm ; which 
are transmitted into the open through the horn mouth. The 
purpose of the horn is chiefly to enable the diaphragm to disturb 
a larger mass of the air and thus to enhance the intensity. The 
quality of the sound depends to some extent on the shape of the 
horn. The lowest frequency that can come out of the horn 
depends on the diameter of its mouth and its flare, i.e. the rate 
at which the cross-section of the horn increases. 

A short, thick needle produces à louder sound than a longer 
or thinner one. When the needle is shorter, the displacement 
of the diaphragm is greater, as the length ratio of the lever is 
more favourable. A thick needle bends less under the stresses 
involved, but increases the wear. 

The Record. In modern dise-recording the sound is collected 
by a microphone which converts the pressure variations of the 
sound waves into a varying electric current. This is amplified 
and made to move the point of the cutting stylus laterally. 
The dise rotates at a uniform speed, while the shaft carrying 
the stylus moves slowly inwards from the edge of the disc. 
The stylus thus traces on the diso the wave form of the sound 
along a gradually narrowing spiral, 

The original record is taken on a wax disc and a reversed 
copy ofit is made on copper by electro-deposition. The thin 
copper is backed by & steel plate to give it strength. The discs 
are made of a mixture of shellac, tripoly-powder, barium- 
sulphate lamp-black, copal and shredded rags. While hot it is 
pressed on to the coper negative in a hydraulic press. Tt thus 
becomes a true copy of the original record. 
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During reproduction the disc must be turned at the same- 
speed as at recording. Otherwise the frequencies are all changed’ 
and the sound is much distorted. 

Very recently much improvement has been made in the construction. 
and performance of gramophone records, In the new record, known as the 
méicro-groove gramophone record, there are 300 grooves per inch in place- 
of the 100 grooves per inch of the old record, This has much increased the 
playing time, The material of which the record is made is a vinyl plastic ; 
the record itself is as thin as a wafer. The reproduction is characterised 
by remarkable clarity of tone and is free from distortion even to the trained: 
musical ear, 


To play the new record a much sharper needle is required. The new 
needle is a sapphire style and can be used 15,000 times before needing 
replacement. The record is rotated at a speed of 45 or 88} revolutions per- 
second in place of the older value 78, 


74, Other Methods of Recording and Reproduction. 


Film recording and reproduction. There are several other 
mothods of recording sound. In talkies, the sound is recorded 
photographically on one side of the film which records the picture. 
The pressure variations of the sound waves are converted into: 
electric currents of varying magnitude by a microphone. In one 

$ method the amplified microphone current passes 

E | through a loop of wire in a magnetic field and 

causes the loop to vibrate. A mirror is attached 
to the loop from which a reflected beam of light. 
falls on the sound track of the film and blackens 
regions of variable width. This is the sound 
record. It looks somewhat like that shown in: 
Fig. 73. 

In reproduction, light from a narrow source is 
focussed on the sound track. The quantity of the 
transmitted light depends on the width of the 
transparent portion. This lighs of varying intensity 
falls on a phot-electric cell and produces a minute 

im | electric current proportional to the intensity. This 

9! currentis amplified and made to actuate a loud- 
Fig. 79 Speaker, 


Magnetic recording and reproduction. For quick recording 
and reproduction which does not require any processing, a 
magnetic method is adopted. A steel tape moves past an elec- 
tromagnet with . knife-edge poles at a constant speed. The 
amplified microphone current actuates the electromagnet and 
magnetises the steel tape according to the strength of the 
current. Tho wave-form of the sound is thus stored as a 
varying magnetisation of the steel tape. 
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In reproducing the sound-record in the tape, it is drawn at 
the same speed across a pole-piece with a coil wound round it. 
The varying magnetisation of the tape induces a varying electric 
current in the coil, which is amplified and made to actuate a 
loud-speaker. 


EXERCISES 


1. Describe how sound is recorded and reproduced in a phonograph. 
2. Describe the essential parts of a gramophone and state their 


action. 


MISCELLANEOUS EXERCISES 


1. A simple harmonie wave is given by y=1/2 sin 2r (4/+«) in cgs units. 
What is the amplitude, period, wave-length and velocity of this wave ! What 
is the displacement of a particle, 5 cm from the origin, 6 sec, after the 
motion starts ? 

2. Write down the equation for the progressive wave having the 
following characteristics : amplitude *03 cm; period '01 sec, ; wavelength 
lem. Also with the following data: amplitude '001 cm; frequency 250 
per sec; velocity 830 metres per sec. 

8. One end of a string 200 cm long is made to vibrate with a free 
quency of 64 vps. The string weighs 5 gm. If it is stretched with a 
tension of 800 gm, what i: the velocity of the waves along the string ? 
What is the wavelength ? How many loops will there be in thz string f 
What must the tension be so that there may be four loops ? 

4. What must be the velocity of a source so that the pitch changes by 
5% due to Doppler effect, the observer being stationary ? Whit if the 
observer moves, while the source is stationary 1 

5. Two tuning forks give a beat every 2 seconds. For fork no. 1, 
n=200 vps, Ifa little wax is put on fork no. 2, a beat occurs every second, 
What is the original frequency of the second fork ? 

6. The fundamental frequency of an open organ pipe 100 cm long is 
180 vps. What is the velocity of sound in the pipe ? What is the frequency 
of the second possible overtone of the pipe? What is the frequency of the 
first possible overtone of the pipe if one end is closed ? 

7. Two identical tuning forks give notes of frequency 500 vps. A 
listener moves slowly at the rate of 10 em/sec (i) along the straight line 
between the forks, ($i) along the perpendicular bisector ofthe line, Will he 
hear beats in any case? If so, when and of what frequency ? 

8. When a vibrating tuning fork is brought near a closed organ pipe of 
the proper lengtb, the sound is much intensified. Which one supplies the 


energy, the fork or the pipe ? 
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What difference is there between the vibrations within the pipe and 
-outside ? å 

9. Why is it considered more advisable to place a fog-siren on the top 
of a high structure rather than near the ground ? 

10. The passage of lightning is practically instantaneous. Why, then, 
does thunder roll ? 

1l. Occasionally the report of an explosion is inaudible a few miles 
‘away, although it may be heard plainly at greater distances, What possible 
explanation can you give ? 

12. Describe conditions in which a ray of sound may be bent in the same 
‘way as a ray of light in a mirage, superior and inferior, 
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CHAPTER | 
NATURAL AND ARTIFICIAL MAGNETS 


1. Natural Magnets. Lodestone. 

A certain; mineral, an oxide of iron (Fe,0,), was long ago 
discovered near Magnesia in Asia Minor, and later on, in many 
other places of the world. Pieces of this mineral were found 
to exhibit two important properties, viz., 

(i) An attractive property. A piece of this stone attracts 
iron. The power of attraction is mostly concentrated at two 
places of the stone. 

(ii) A directive property. When a piece of this stone is sus- 
pended horizontally it tends to come to rest with these ends 
pointing roughly north and south. 

These Magnesian stones are called natural magnets. They 
were also called Jodestones or lead-the-way stones, as they could 
lead or direct due to their property of indicating the north-south 
direction when suitably suspended. They led the way in naviga- 
tion and later on culminated in the development of the Ship's - 
compass. 


2. Artificial Magnets. 

It did not take long to discover that pieces of iron acquire, 
on being rubbed with a lodestone, both the above properties of 
attracting iron and of coming to rest in the north-south direc- 
tion when properly suspended, Pieces of iron which have been 
made to acquire the properties of natural magnets are called 
artificial magnets. They could be made more powerful than the 
natural magnets and arethe kind used practically for all experi- 
mental purposes. When a body is endowed with the attractive 
and directive properties of a natural magnet, itis said to be 
magnetised or to have acquired the property of magnetism. 

It has been found convenient to work with artificial magnets 
of certain regular shapes. They are generally the following : 

(1) the bar magnet, wbich generally has the shape of a bar 
of rectangular or circular section (Fig. 1a) ; 
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(2) the magnetic needle, which has the shape shown in 
Fig. 1(b) and is pivoted near its centre of gravity to keep it 
horizontal, and is free to move in a horizontal plane ; 


Fig. 1 


(3) the horse shoe magnet, which has the shape of a horse 
shoe (Fig. 1c) ; 

(4) the ball ended magnet, which has two spherical balls at 
the ends of a long rod (Fig. 1d). 


3. Magnetic and Nonmagnetic Substances. 


Substances which are attracted by a magnet are called 
magnetic substances, and the rest, nonmagnetic. 


Substances which are most strongly attracted by a magmet 
are iron, cobalt, nickel, Heusler alloys, some oxides (Fe,O,, 
Fe,0;) and sulphides of iron (such as FeS;, Fe;S,) and a class 
of compounds known as ferrites (having the chemical formula 
MeO, Fe,O, where Me represents a divalent metal such as Mg, 
Zn, Co ete.). Heusler alloys are remarkable in that the com. 
ponents from which they are made are individually nonmag- 
netic. These alloys have the approximate composition—copper 
64%, manganese 24% and aluminium 12%, 


It has however been established by Faraday that all sub- 
stances are more or less affected by magnets and may be divided 
into three classes according to their magnetic behaviour, viz., 
(i) ferromagnetic, (ii) paramagnetic and (iii) diamagnetic. Ferro- 
magnetic substances are strongly attracted by magnets, para- 
magnetics feebly so. Many metals, such as Al, Mn, Pt eto., and 
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most of their compounds as well as those of Fe, Co and Ni are 
paramagnetic. All other substances are diamagnetic, They are 
repelled by magnets, but the effect is very feeble. Diamagnetic 
property is most pronounced in bismuth and graphite. Water 
is diamagnetic, but air is paramagnetic. 

The term magnetic substance strictly applies both to para- 
magnetic and ferromagnetic substances. 

Magnetism has been identified as an effect of electric cur- 
rents. The motion of electrons round the nucleus of an atom 
may be supposed to constitute a perpetual electric current. 
Magnetism is thus a property of the atom itself. 


4. Fundamental Definitions. 


(a) Pole. When a bar magnet is placed in iron filings, the 
latter adhere mostly to the ends of the bar (Fig. 2) and none 
to the central region. The attractive property of a magnet 


-6 i 


Fig. 2 Fig. 3 


is thus found to be the strongest near the ends, We assume 
that the attractive property is concentrated at two points near 
the ends and call these points the poles of the magnet. 


The distribution of the attractive power of a bar magnet 
along its length may be investigated as follows. Place the 
magnet on a sheet of paper and mark its boundary. Hanga 
small ball of soft iron from a spring balance and make it touch 
the magnet at different points, Note at each point the pull 
necessary to detach the ball. Erect perpendiculars on the 
paper at the various points and mark off along them distances 
representing those forces. Join the tops of the perpendiculars 
by a smooth line. This line (Fig. 3) represents the attractive 
power at different places of the magnet. The attraction is 
maximum near the ends. 

(b) The North Pole and the South Pole. When a magnet 
is suspended horizontally by means of an unspun silk thread it 
will be found that it comes to rest with a particular end point- 
ing north. It takes the same position even when displaced. 
The pole near the end of the magnet which points north is 
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called the north-seeking pole or simply the north pole, while the 
other which points towards the south is called the south-seeking 
pole or the south pole. 

^ (c) Magnetic axis. The straight line joining the two poles 
of a magnet is called the magnetic axis. It does not always 
coincide with the geometrical axis, 


(d) Magnetic length. The distance between the two poles 
of a magnet is called the magnetic length. The magnetic length 
is shorter than the geometrical length and depends on the ratio 
of the length to the breadth of the magnet. The larger this 
ratio the closer does the magnetic length approach the 
geometrical length. 


(e) Magnetic meridian. When a freely suspended magnet 
comes to rest, the vertical plane passing through the axis of the 
magnet is called the magnetic meridian of the earth at that 
particular place. 

(f) Neutral region. Along a line on the surface of a magnet 
midway between the poles, the magnet exhibits no attractive 
power (Fig. 3). This line is called the neutral line. Over a 
region of the magnet near the neutral line the attraction is 
hardly perceptible. The region is called the neutral region of the 
magnet. The plane at right angles to the axis and midway 
between the poles is called the neutral plane. The neutral line is 
the intersection of this plane and the surface of the magnet. 


5. Like Poles Repel, Unlike Poles Attract (DuFay’s Law). 


Suspend a bar magnet so that it may move freely in a 
horizontal plane. Take another bar magnet on which the poles 
are marked. From a considerable distance gradually bring the 
N-pole of the second magnet towards the N-pole of the first 
along a line perpendicular to the latter. Observe that the 
N-pole of the first magnet is repelled. Repeat the experiment, 
this time bringing the south pole of the second near the south 
pole of the first. There is repulsion again, 


Now bring the N-pole of the second near the S-pole of the 
first or vice versa, Observe that there is an attraction. From 
this observation we conclude that 


Like poles repel; unlike poles attract. This is known as 
DuFay's law. 


6. Repulsion is a surer test of Magnetisation. 


A bar of iron pce near a pole of a suspended magnet or 
a magnetic needle will be seen to be attracted. Thus there is 
attraction between (i) any pole of magnet and any end of an 
iron bar, as also between (ij) opposite poles of two magnets. 
Hence when attraction occurs between two bars, one of which is 
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known to bea magnet, we cannot say definitely whether the 
other is also a magnet or not. If there is repulsion between two 
ends we know definitely that both must have the same polarity 
and hence the other bar must also be a magnet. Repulsion 
is therefore a surer test of magnetisation than attraction. 


7. Experimental Identification of a Magnet. 


(1) When a bar and a piece of thread are given. Suspend 
the bar horizontally by the thread. If it rests approximately 
along the north-south direction and regains the position when 
disturbed, it is a magnet. 

(2) When a bar and iron filings are given. If the iron 
filings cling to the bar, the bar is a magnet. 

(3) When a bar and a compass needle are given. Bring 
from a distance each end of the bar successively near the same 
end of the needle. If there is repulsion in one case and attrac- 
tion in the other, the bar is a magnet. 

(4) When a magnet and a similar bar of iron are given. 
Place one of the bars on the table and make one end of the 
other bar touch the former at different points along its length. 
If there is attraction all alóng, the bar in the hand is the 
magnet. If there is attraction at only the ends but none at 
the middle, the bar on the table is the magnet. 

The reader may with profit find out the reasons for the 
conclusion in each case. 


SUMMARY 


Magnetite (Fe,O,) occurs in nature as an ore and is found in many 
places of the world. Pieces of it show attractive and directive properties. 
They are called NATURAL MAGNETS. They were used long ago as direction 
finders, but have now been replaced by artificial magnets with stronger 
magnetic properties. 

Substances that are attracted by a magnet are called MAGNETIC 
SUBSTANCES and the rest, NON-MAGNETIC. In fact, substances may be divided 
into three classes according to their magnetic behaviour. FERROMAGNETICS 
are strongly attracted by magnets, PARAMAGNETICS feebly so, while 
DIAMAGNETICS exhibit feeble repulsion. It is however possible to make a 
magnetic alloy from non-magnetic elements like Cu, Al and Mn. 

IMPORTANT DEFINITIONS. Pole, magnetic axis, magnetic length, magnetic 
meridian and neutral region. (To be learnt from the text ). 

IMPORTANT GENERALISATIONS : 


(i)- Like poles repel and unlike poles attract. 
(ii) Repulsion is a surer test of magnetisation than attraction. 
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IDENTIFICATION OF A MAGNET AMONG SIMILARLY SHAPED BARS OF MAGNETIC 
SUBSTANCES. If one end of a bar attracts another at all places along the 
latter, the former is the magnet. But if one end of a bar attracts the 
other only at the ends and not at the middle of the latter, the latter is 
the magnet. 


EXERCISES 


1. How are substances classified according to their magnetic be- 
haviour? Distinguish between magnetic and non-magnetic substances. 
Give examples. 


2. Define the following terms: pole, magnetic axis, magnetic length 
of a magnet, magnetic meridian and neutral region. 
3. Describe experiments from which you can conclude that 
(a) Like poles repel and unlike poles attract. 
(b) Repulsion is a surer test of magnetisation than attraction. 
4. You are provided with two identical bars, one of which is a 
magnet and the other, soft iron. How would you identify the magnet ? 
5. You are provided with three bars of identical shape and colour. 
One of them is known to be a magnet ; one, a soft iron bar and the 


third, a brass bar. How can you identify them without the help of 
anything else ? 


CHAPTER II 
THEORY OF MAGNETISM. MAGNETIC INDUCTION. 
8. It is not possible to isolate a Pole. 


One might imagine that if a magnet were broken at the centre 
each half would have one pole only. But this is not the case. 


To test it take a piece of magnetised watch spring about 4 
or 5 inches long. Determine the nature of the poles at the two 
ends with the help of a magnetic needle 
and put distinctive marks on them. 
Break the apis into two parts and 
test polarity ofthe new ends. Each z 
new end will be seen to have a polarity ROIS} 
opposite to that of the other and each s 
separate piece of a broken magnet is a (77751 68777287 5877778] 
ee magnet with its two poles Fig. 4 

ig. 4). 


The experiment may be repeated by breaking any part into 
smaller and smaller portions. However small a part we take, 
we find two opposite poles at the two ends. This shows that it 
is impossible to produce a magnet with only one pole. 


If any one of a pair of broken ends is separately introduced 
into iron filings, the same quantity of filings stick to each end. 
But when they are placed together in the filings scarcely will 
any filing stick to them. This PERSE casually shows that 
the new poles created by the breaking of a magnet have equal 
attractive powers, i.e., they are equally strong. 


The experiment at once suggests that if divisions and sub- 
divisions could be proceeded with to the extreme limit, we might 
reach the molecules, the smallest particles of a substance 
capable of free existence, and yet get evidence of magnetisation. 
If the molecules of a magnet are themselves magnets, each 
having opposite polarities at the ends, it will not be possible 
for us to separate the poles, as we cannot break the molecules 
without changing the properties of the substance. 


9. The Molecular Theory of Magnetism. 


Weber first put forward the molecular theory of magnetism 
and suggested that the molecules of a magnetic substance are 
themselves tiny magnets. These were called Weber elements. 
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The development of the molecular theory owes much to 
Ewing. According to him, the Weber elements, or the 
magnetic molecules, arrange themselves in closed groups (Fig.5) 


Fig. 5 
in which the n-pole of one and the s-pole of another are close 
to each other. One cancels the effect of the other at remote 
points, and the material as a whole exhibits no external 
magnetic properties. 

In the light of recent development, due to Weiss and Heisen- 
berg, Ewing’s idea of closed groups has undergone some modi- 
fication. In ferromagnetic substances there are very small 
regions, smaller than the grain-size, consisting of from 10** to 
102° atoms, in which all the elementary magnets (Weber ele- 
ments) have their magnetic axes aligned in the same direction. 
Such a fully magnetised region is called a domain. When the 
different domains in a specimen have their magnetic axes ori- 
ented at random, the specimen as a whole shows no external 
magnetic effect (Fig. 6a). In the figure the little rectangles are 
symbolic of the domains and the dark regions represent the 
same polarity. 

If a magnetising force 
is applied the magneti- 
sation of the specimen 
may increase in two 
different ways. Domains 
in which the magnetisa- 
tion is in the direction of 
the applied field may 
increase in size at the 
cost of neighbouring 
domains, This occurs 
when the applied field is 
weak, As the applied 
(C) rur | MAGNETIED field becomes stronger 

Fig. 6 other domains turn more 
and more in the direction 


of the field. In this way the specimen exhibits increasingly 
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stronger magnetisation (Fig. 6b) as the applied field is 
gradually increased. 

When all the domains are arranged with their magnetic 
axes parallel, no further increase in magnetisation is possible 
and the substance reaches magnetic saturation ( Fig. 6c ). 

Under this condition free polarity appears at the two 
ends, But the mutual repulsion of similar poles is respon- 
sible for setting the domains in a somewhat inclined direc- 
tion near the ends of the magnet. The state of affairs is 
represented in Fig. 6c. The inclined domains at the ends 
are responsible for bringing the effective centre of attrac- 
tive (or repulsive) forces to a point near each end. For 
the same reason, there is a slight magnetism exhibited on 
the side faces of the magnet, but none at its middle. 


It follows from the above description that a magnetic pole 
as a centre of attraction or repulsion is an idealised concept. 


10. Methods of Magnetisation. 


There are several methods of magnetising a piece of ferro- 
magnetic material. 

(1) The method of single touch. 

Place a bar AB of steel on a table. Take a bar magnet 
NS, hold it on AB as shown in Fig. 7 and rub AB with the 
magnet from end to end. When the 
end B is reached, lift the magnet BACLT pee 
well clear of AB and place the 
N-pole again at A. Repeat the 
operations a number of times. 
Turn AB upside down and operate 
as before. Begin with the N-pole 
at A and finish at B. The bar 
AB will then be found to have / 
acquired N-polarity at A and S- Fig. 7 
polarity at B. Whatever the pole 
with which we rub AB, we always 
find that the end of the bar where the rubbing magnet leaves it 
acquires a polarity opposite to that of the rubbing pole. The 
method is suitable only for magnetising thin bars, such as 
compass needles. Unless great care is taken, there is a 
tendency to produce consequent poles ( vide § 11 ). 

It is easy to understand on the molecular theory how 
magnetisation is acquired in the process. As the north pole 
is placed at A, the S-poles of the elementary magnets ( or 
domains ) in the neighbourhood turn towards the N-pole. 
When the N-pole moves along AB, the elementary magnets 
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point their south poles towards the moving north pole and in 
this way gradually set themselves in more or less parallel lines. 

The bar AB is turned upside down to increase the 
strength of magnetisation by aligning a larger number of 
elementary magnets. The influence of the magnetising pole 
cannot penetrate far into AB ; hence thick pieces cannot be 
satisfactorily magnetised in this way. 


(2) Method of divided or separate touch, A piece of steel 
AB is placed on the table, preferably with its ends on the 
opposite poles of two magnets 
as shown in Fig. 8. Two 
other magnets are then placed 
obliquely at the centre of AB 
with their opposite poles near 
to one another. The poles of 
an upper and a lower magnet 
on the same side of AB must be the same. The upper 
magnets are drawn along AB towards its ends in opposite 
directions as shown by the dotted lines. They are then lifted 
well clear of AB and replaced at the centre along the dotted 
De The operation is repeated several times and then again 

y turning AB upside down. This method produces magnets 
without consequent poles. 


It will be seen that this method is a modification of the 
pi touch method applied to each half of AB simultaneousl È 
and the same explanation as for the single-touch method holds 
good. The magnets below AB should be long. Their poles 
help AB to retain the feeble orientation acquired in each 
rubbing and thus augment the magnetisation. The polarities 
of the upper and lower magnets on the same side of AB must 
be the same. 


Compared with the method of single touch, this method 
gives stronger magnets. Here also the rubbing pole generates 
an opposite pole at the end it leaves. 


(3) The method of double touch, The arrangement is 
similar to that in the method of divided touch but the proce- 
dure is a little different. 
The bar to be magnetised is 
placed on the opposite poles 
of two magnets as before. 
A piece of non-magnetic 
substance, say & piece of 
cork, is placed between the 
two opposite poles of the 
oblique magnets ( Fig. 9 ). 
The oblique magnets are not separated, but moved together 
from the centre of the bar ( to be magnetised ) to one end, 


Fig. 8 


Fig. 9 
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then to the other and finally brought to a stop at the middle, 
The operation of rubbing is repeated a number of times (always 
beginning and ending at the middle) and also by turning the bar 
upside down. 

The powerful effect of the two close-set opposite poles of 
the inclined magnets align the elementary magnets below them 
easily and more perfectly. The magnets below the bar help to 
retain the orientation. The polarities developed are as shown 
in the figure. This method makes more powerful magnets than 
could be made by any of the previous methods ; but there is a 
tendency to produce consequent poles. 

(4) Method of  magnetisation by an electric current. 
(a) Take a bar of steel and wind a good many turns of insulated 
copper wire round it (Fig. 10). 
Pass through the coil a strong 
current from a battery and gently 
tap the bar with a mallet while the 
current is passing. The bar will be 
found to have been permanently 
magnetised as could be seen by dip- 
ping it in iron filings. This method ; 
produces strong magnets free from Fig. 10 
consequent poles. 

(b) Electromagnets. If we take a soft-iron rod and pass an 
electric current round it, as in the above experiment, the soft 
iron becomes a strong magnet. When the circuit is broken the 
soft iron loses its magnetism immediately. Obviously the soft 
iron rod acquires a temporary magnetism under the influence 
of an electric current and its magnetism lasts only so long as the 
electric current lasts. Such a magnet is called an electromagnet, 

More generally the core, i. e., the soft iron piece within the 
coil of wire of an electromagnet, has the shape of a U (Fig. 11). 
If, on looking at one end ofthe coil or the core, the current 

appears to flow in a clockwise direction, 

5 N _ this end will have south polarity. If 

the direction is anticlockwise, the end 
will have north polarity. (The reasons 
will be understood when we take up the 
study of magnetic effects of electric 
currents ; vide ELECTRICITY.) 

If the core is U-shaped, be careful to 
wind one limb in one direction and the 
other in the opposite direction. Only in 
that case the two ends will have opposite 
polarities. d 

Fig. 11 Electromagnets may have various 
shapes and designs. Fig. 12a represents 

an electromagnet meant for use in the laboratory for magnetic 
measurements, The U-shaped portion BC is called the yoke. 
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It is generally made of soft iron or soft steel, Through its 
arms pass the limbs AA’ and DD’, ealled the pole pieces or 
the cores. Thay are also made of soft iron. The pole tips, 


Fig. 12 


having flat or conical Shapes as necessary, may be affixed at 
A’ and D'. Their distance apart is adjusted by the hand wheels 
at A and D. The pole tips 
are usually truncated cones 
with an angle of 12°. Y and 
Y are the magnetising coils. 
Electric current passes thro- 
ugh them in the same dire- 
ction when viewed from the 
end A or D, This gives A’ 
and D' opposite polarities. 
Fig. 12b representsa toroidal 
electromagnet in which the 
iron core has the shape ofra 
nearly closed ring. There 
is a small air gap in the ring 
in which materials to be 
tested are placed, This is also a laboratory magnet. 


A lifting electromagnet is represented in fig. 13. It is used 
in factories and workshops for lifting large masses of iron and 
removing them from one place to another. The magnet is of 
the ‘pot’ type; one pole is in the centre and the other is in 
the form of a ring surrounding it. When nonmagnetic material 
has to be lifted. it is fastened by the ring to the lower iron 
plate ; the plate is then lifted by the electromagnet. 


(5) Magnetisation by electromagnets. A magnetic sub- 
stance may be magnetised by placing a piece of it in the air 
gap between the pole pieces of an electromagnet and gently 
tapping the specimen. Strong magnets, free ben consequent 
poles, may be made by this method. 


PR 


——É" HOÁ 


THEORY OF MAGNETISM, MAGNETIC INDUCTION 143 


(6) Magnetisation due to the earth. A magnetic substance 
may be ers A magnetised merely by placingitnear a magnet. 
We shall see later (Chap. IV) that the earth itself is a huge 
magnet. A sample of soft iron, soft steel or, best of all, per- 
malloy (an alloy of about 80% iron 20% nickel) may be 
magnetised by holding it horizontally in the magnetic meridian, 
or vertically, and gently tapping it. The best effect is produced 
when the specimen is placed in the magnetic meridian ata 
partieular angle to the horizontal, (In Caleutta the angle is 
about 31°, the north end pointing below the horizon, The north 
end will be seen to have acquired north polarity. In vertical 
placing the lower end acquired N-polarity.) 

Iron beams pointing north and south and vertical iron rail- 
ings are generally found to be slightly magnetised. 


11. Production of Consequent Poles. 


Make an arrangement as shown in Fig. 14a in which AB is 
a Steel bar on which two magnets are placed obliquely at its 
middle, but with their similar poles, say S-poles, near one ano- 
ther. Rub AB from the middle outwards by the like poles of 
the inclined magnets as shown (cf. method of divided touch). 
After magnetisation AB will acquire two N-poles at the two 
ends and an S-pole at the middle. 


Fig. 14 


'This may be explained in the usual way by the molecular 
theory. Each half of AB becomes a complete magnet ; but their 
similar poles lie together at the centre of AB (Fig. 14b). The 
pole generated at the middle is called a consequent pole. If such 
a magnet is dipped into iron filings, the filings will be found to 
cling to the ends as well as to the middle. 


A consequent pole may be 


formed by winding insulated 3 
wire round an iron or steel N N 
bar, partly in one direction 

and partly in the other as S 

shown in Fig. 15, and send- Fig. 15 

ing an electrio current 


through the wire. 
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12. Laminated Magnets. 


The effect of a magnet cannot penetrate far into a magnetic 
substance. Hence when a bar is thick, the elementary magnets 
lying deep into the material 
are not aligned. Only those 
lying near the surface are 
affected. If the material is 
in the form of a thin sheet, 
almost all the elementary 
magnets are properly orient- 
ed by the magnetising agent 
and a strong magnetisation 
results, Strong permanent 
magnets can, therefore, be made of a number of thin sheets of 
steel each magnetised to saturation. The sheets are placed on 
one another with their similar poles in the same direction 
(Fig. 16). 


Fig. 16 


13. Magneto-striction. 


Magnetisation produces mechanical strains in a material ; 
mechanical strains also produce magnetic effects. The effects 
are numerous and go by the general name of magneto-striction 
effects. For example, magnetisation is accompanied by a change 
in length, which may be an increase or a decrease. Twisting an 
iron wire produces feeble magnetisation in it. 


14. Energy of magnetisation. 


In the process of magnetisation the elementary magnets do not move 
away bodily from their places. They tend to align themselves by simply 
turning under the attractive and repulsive forces exerted on their poles by 
the magnetising agent. Inthis process work is done on the elementary 
magnets by the magnetising agent. This work is stored in the specimen 
as potential energy of the magnets. / 

It is therefore expected that this energy will re-appear when a 
magnet is demagnetised. This can be tested by magnetising and demag- 
netising a piece of soft iron for a number of times in quick succession by 
anclectric current. The magnet will be found to have been heated in this 
process by the conversion of the potential energy of magnetisation into heat. 

When magnetisation is broughtabout by rubbing, the energy required 
for magnetisation is supplied by the agent which rubs. The magnetising 
pole is made to move against the attraction of the opposite poles of the 
elementary magnets. When an electric eurrent magnetises a body the 
energy is supplied by the source which provides the electric current, 
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15. Magnetic Induction, 


Place a magnetic needle 
on the table (Fig, 17). Along a 
line perpendicular to the axis 
of the needle and passing 
through one of its poles place a 
magnet NS at the same height. 
Let the N-pole of NS point 
towards the N-pole of the 
needle, Adjust the distance 
between the poles such that 
Fig. 17 the repulsive action between 

[ the two is just imperceptible. 

Now place a soft iron bar AB between the magnet and the 
N-pole of the needle. It will be found that the N-pole of the 
needle is repelled, showing that the bar 4B has acquired magne- 
tism under the influence of the magnet NS and that the end B 
has north polarity. Obviously A has acquired a south polarity. 

When the magnet NS is removed, the bar AB is found to 
have practically lost all magnetism. Magnetism on AB reap- 
pears as soon as NS is put back in its position. It thus appears 
that the bar AB acquires magnetism only when it is under the 
influence of the magnet NS. This sort of magnetism is called 
induced magnetism and the phenomenon is called magnetic 
induction. 

The N-pole of the magnet induces an S-pole at the end of 
AB nearest to it. An inducing pole induces opposite polarity 
at that end of the body under induction which is nearest to it 
and similar polarity at the end which is most remote. 

Explanation of induction on the molecular theory. The 
phenomenon is easily explained on the molecular theory. For 
the N-pole of the magnet attracts the S-poles of the elementary 
magnets in AB and orientates them in its own direction, In 
soft iron this orientation is only temporary and lasts so long 
as the orienting influence is there. 


16. Induction precedes Attraction. 


It is reasonable to think that the attraction of a piece of 
iron by a magnet results from the following sequence of events: 
(i) As soon as one pole of a magnet is brought near a piece of 
iron, its end nearest to the magnet, acquires by induction a 
polarity opposite to that of the attracting pole, while the farth- 
est end acquires the same polarity. (ii) An attraction then en- 
sues between the attracting pole and the induced opposite pole. 
There is also a repulsion between the inducing pole and the 
induced like pole. But the opposite poles being nearer, the 
attraction is greater than the repulsion. The attraction between 
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a magnet and a piece of iron (or any magnetic e) is 
thus a result of magnetic induction. By the statement ‘“induc- 
tion precedes attraction” we mean the above sequence of 
events. 

Note however, that induction itself is due to the attraction and 
repulsion between the inducing pole and the poles of the elementary mag- 
nets. IN ALL MAGNETIC PHENOMENA THE FORCE BETWEEN POLES IS THE FUNDA- 
MENTAL EFFECT. In the statement ‘induction precedes attraction’ the term 
‘attraction’ refers to that between the magnet and the specimen as a whole. 


17. Induction can take place through Non-magnetic Substances. 


(a) Place a horse-shoe magnet just behind a plate of glass 
with its poles in contact with the glass surface (Fig. 18). A 
few long needles can be held in position on the glass surface 
opposite to the magnet. Move the magnet 
along the plate. The needles will be found 
to move along with the magnet. 


(6) Take a glass of water and dip a few 
sewing needles in it. Hold the poles of a 
horse-shoe magnet in contact with the out- 
side of the glass near its bottom and gradu- 
ally raise the magnet. Due to the attraction 
exerted by the magnet, the needles first 
move up to the side of the glass tumbler 
and when the magnet is raised the needles 
rise along with it. On coming out of the 
Fig. 18 water, the needles cling to the magnet. 


18. Additive Effects of Induction. 


Take a magnet AB and hold it horizontally. From one end 
of it suspend as many iron nails as possible in the form of 


a chain (Fig. 19). Gradually bring c o 

the opposite pole of another magnet SE 
CD closer to this end. Observe that CDL 5 
the power of supporting the nails at $ 
that end gradually diminishes as D a 
approaches 4. This is proved by the 

gradually diminishing number of nails e 
holding on to the end A. If however Fig. 19 


the same pole of CD as at A (i.e., the 
N-pole) is made to approach A, a greater number of nails can 
be supported. 

This shows that the power of induction (which is the cause 
of attraction) diminishes due to the proximity of two dissimilar 
poles and increases when two similar poles are brought near 
together. Induction is thus an additive effect of inducing poles. 


THEORY OF MAGNETISM. MAGNETIC INDUOTION 147 


19. Amount of induced magnetism, 


The amount of magnetism induced in a body depends on 
the following factors : 


(i) The strength of the inducing pole. The stronger it is, 
the greater is the magnetism induced. 

(ii) The distance between the inducing pole and the speci- 
men attracted. The shorter it is, the greater is the induction. 

(iii) The nature of the magnetic substance. Magnetic 
induction in a soft iron piece will be greater than in a similar 
piece of steel under identical conditions. That in cobalt or 
nickel will be still less, 


20. Susceptibility, Retentivity and Coercivity, 


(a) Susceptibility. When we say that a boy is susceptible 
to cold, we mean to say that he catches cold easily, In 
magnetism the term ‘susceptible’ has a qualitatively similar 
meaning. A substance which acquires induced magnetism 
more easily than another is said to have a higher susceptibility. 
Soft iron has a higher susceptibility than steel, In the presence 
of an inducing magnet a piece of soft iron acquires a stronger 
magnetism than a piece of steel. 

(b) Retentivity. It is that property of a magnetic sub- 
stance by virtue of which it retains magnetism after the 
inducing magnet has been removed. The magnetism retained 
is called residual magnetism or remanence. 


Steel retains more than soft iron the magnetism it acquires 
under given conditions. Hence we say that steel has a higher 
retentivity than soft iron. If however soft iron is protected 
from all disturbing influence after the magnetising force has 
been removed, it may show as much retentivity as steel. The 
least disturbance is enough to remove most of the magnetism 
from soft iron. Steel containing ‘5% tungsten and *6% carbon 
has a high retentivity and is often used in making permanent 
magnets, 

(c) Coercivity. It is that property of a magnetic substance 
by virtue of which it retains magnetism when, after magnetisa- 
tion, it has been subjected to a demagnetising influence. Steel 
has a greater coercivity than soft iron, A permanent magnet 
should be made of a material with a high retentivity and high 
coercivity. 

Note the differences in the properties of soft iron and steel, 
A piece of soft iron can be easily magnetised and demagnetised, 
while a pieve of steel is more difficult to magnetise, and also to 
demagnetise. " > 

Various grades of hardened steel containing a little tungsten 
or cobalt, are used in making permanent magnets, Thay are 
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characterised by high retentivity and coercivity. An alloy 
known as Alnico (about 10 Al, 18 Ni, 12 Co, 54 Fe, 6 Cu) has a 
much higher coercivity than either tungsten-steel or cobalt- 
steel, retains about 70% of its magnetisation even at 600°C 
and is practically unaffected by mechanical shocks. It is one 
of the best materials for making permanent magnets. The 
alloy is hard and brittle and cannot be turned or drilled 
satisfactorily. But they are more powerful and better than 
magnets made of other materials, 


Recently very powerful permanent magnets have been 
made by compressing powders of iron ferrite (FeO, Fe,O,, or 
Fe,0,) and cobalt ferrite (CoO, Fe,O,) in equal quantities, 
heating to 1000°C and then magnetising at 300°C. These 
oxide-powder magnets, like Alnico, are very brittle, 


21. Demagnetisation. 


Demagnetisation means the weakening or the complete 
removal of magnetism from a magnetised specimen. Since the 
exhibition of external magnetic properties by a magnetic sub- 
Stance depends on a regular arrangement of its molecules, it is 
clear that anything which disturbs the arrangement of the 
molecules in a magnet will cause partial demagnetisation. 


Demagnetising effects. 


(a) Rough handling. When a magnet is subjected to 
mechanical shocks by dropping, hammering, twisting or other- 
wise, the regular arrangement of its molecules is disturbed. 
This leads to partial demagnetisation. A magnetised piece of 
soft iron will under identical conditions be more demagnetised 
than a piece of steel. 

(b) Heating. When a magnet is heated, it loses its 
magnetism slightly, but regains its original strength on cooling. 
But when a magnet is heated beyond a certain temperature 
(about 850°C for iron) it loses its magnetism completely. 

There is a temperature, characteristic of a substance, above 
which a ferromagnetic substance ceases to be ferromagnetic and 
behaves like a paramagnetic. This temperature is called the 
Curie point. For iron and its alloys it varies from 750°C to 
900°C ; for nickel it is about 360°C. The existence of a Curie 
point is a characteristic property of a ferromagnetic, 

(c) Proximity of similar poles. When two similar poles are 
brought near to each other, one reduces the strength of the 
other by induction. 

Removal of magnetism. A magnetised substance loses its 
magnetism completely if heated beyond its Curie point. When 
cooled from that temperature in the absence of any magnetising 
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influence, the material will show no residual magnetism. Mag- 
netisation can also be removed completely by electrical means. 
Demagnetising effect of a magnet on itself. A magnet with 
free poles exerts a demagnetising effect on itself. The effect is 
due to induction and may be under- 
stood as follows. Consider the mate- [7777775777777 ]N 
rial of the bar magnet at O (Fig. 20). 
The pole of the magnet tend to mag- Fig. 20 
netise by induction the material at 
the centre of the bar and develop south polarity towards the 
north pole and north polarity towards the south pole. The 
induced magnetism is thus exactly opposite to that of the 
magnet and tends to weaken the latter. 
To minimise this demagnetising effect, bar magnets, when 
not in use, are kept parallel to one another with their opposite 
poles on the same side and connected by soft iron pieces called 


Fig, 22 


Fig. 21 (a) 


keepers (Fig. 21a). Any pole of the magnet induces an 
opposite pole in the part of the keeper in contact with it. The 
effects of these two poles at any part of the magnet are equal 
and opposite. Horse-shoe magnets when not in use, are also 
fitted with keepers for the same reason ( Fig, 21b). When 
fitted with keepers the elementary magnets are able to form 
closed magnetic chains as shown in Fig. 22. The external 
magnetic effect under this condition is very small. 

Change of polarity due to induction, When the N-pole of a 
strong magnet is brought sufficiently close to the N-pole of a 
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magnetic needle, an attraction is often seen to occur between 
the two. The reason is that the strong N-pole induces on the 
N-pole of the needle a south polarity which is stronger than the 
existing north pole of the needle, The stronger induced pole 
overcomes the effect of the weaker permanent pole. Hence the 
pole behaves like a south pole and is attracted by the inducing 
north pole. The change maybe temporary or permanent. 

This fact must be remembered while testing the polarity 
of a magnet with the help of another magnet. The two magnets 
should be brought gradually nearer together from a distance. A 
strong pole should never be brought too close to a testing pole. 


SUMMARY 


MOLECULAR THEORY OF MAGNETISM. A single pole cannot be isolated 
from a magnet by dividing or subdividing the magnet into any number of 
parts. The reason is that the molecules (or rather molecular groups) ofa 
magnetic substance are themselves short magnets. In the unmagnetised 
condition the axes of these elementary magnets are oriented at random. 
Hence there is ordinarily no external exhibition of magnetic properties 
by magnetic substances. 

When a magnetic substance is rubbed with a magnet, these tiny 
magnets arrange themselves along more or less parallellines. Free poles 
appear at the ends and the specimen exhibits external magnetic properties. 

METHODS OF MAGNETISATION. 

() Method of single touch ; 

(ii) Method of divided touch ; 
(iii) Method of double touch ; 4 
(iv) Magnetising by electric currents. 


MAGNETIC INDUCTION. A piece of soft iron temporarily acquires mag- 
netism under the influence of a magnet placed near it. The inducing 
pole induces an opposite polarity at the nearest end of the iron and 
like polarity at the farthest end. 

Induction precedes attraction. Induction can take place through non- 
magnetic substances. 


IMPORTANT DEFINITIONS. Susceptibility, retentivity and coercivity (to 
be learnt from the text). 


DEMAGNETISATION. Rough handling, heating and proximity of similar 
Poles produce demagnetising effects on magnets. When heated beyond 
the Curie point, a substance loses magnetism completely. 

The free poles of a magnet produce a demagnetising effect on itself, 
This is minimised by the use of soft iron keepers. 
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EXERCISES 
l. Give an outline of the molecular theory of magnetism. Describe 
a method of magnetisation and explain the usefulness ofthe steps with 
reference to the molecular theory. 
2. What is ə consequent pole? How do you account for it on the 
molecular theory ? 
Describe how you will produce a consequent pole in an iron bar. 
3. Describe an experiment to illustrate the phenomenon of magnetic 
induction and explain the phenomenon on the molecular theory. 
4. Define susceptibility, retentivity and coercivity. Compare steel and 
soft iron as magnetic substances. 
5. What are keepers as used in connection with magnets? Give an 
explanation of the purpose they serve. 
6. Explain the following :— 
(a) Induction precedes attraction ; 
(b) Reversal of polarity due to induction. 
7. What is meant by demagnetisation ? What effect do the free poles 


of a magnet exert on the magnet ? 
What is Curie point ? 


CHAPTER Ill 
MAGNETIC FIELD : LINES OF FORCE 


22. Force between Magnetic Poles. 


Before we can find an expression for the force which a mag- 
netic pole exerts on another, it will be necessary to introduce a 
new concept—the concept of the strength of a pole. When 
different magnets are dipped in iron filings, it is generally found 
that the amount of filings clinging to a pole varies from magnet 
to magnet. This shows that the attractive power of a pole is 
different in different magnets. Poles may, therefore, differ in 
their ability to exert a force. The quantity ‘pole strength’ or 
‘strength of a pole’ is a measure of this ability. 


The laws of attraction and repulsion between magnetic poles 
may be taken as two in number. 


The first law is a qualitative one and has already been dis- 
cussed. It states that “like poles repel and unlike poles attract.” 


The second law is quantitative and was established by 
Coulomb. Known as Coulomb's law, it states that the force 
between two magnetic poles varies directly as the product of 
their strength and inversely as the square of the distance 
between them. 


Although it is not possible to isolate a pole, yet for the sake 
of convenience we speak of single point poles. The action of a 
magnet as a whole is, in this sense, the joint action of both of 
its poles, 

Let m and m’ be the strengths of two magnetic poles situat- 
ed in vacuum at a distance of r from each other, If F is the 
magnetic force one exerts on the other, then by Coulomb’s law. 


Fo mm' /r® 
or T E=C bed " 
r 
where C isa constant. Experiment shows that the value of 
this constant depends on the medium in which the poles are 
placed, It is usual to write C=1/y where u is a constant depend- 
ing on the nature of the medium and is called ita permeability. 


For vacuum pis arbitrarily taken as unity, Coulomb's law 
may then be expressed in the general form 


p. b omm (22.1) 
sp v 
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23. Unit magnetic pole. 

If two identical point-poles, placed 1 cm apart in vacuum, 
repel each other with a force of 1 dyne, then each pole is called 
a unit pole or a pole of unit strength. For vacuum 4—1. Hence 
Coulomb's law reduces to F=mm'/r® when the medium is a 
vacuum. And since we have taken m=m',r=lem and F=1 
dyne, we get m=m'=1 numerically. No special name has been 
given to this unit. If necessary, it is referred to as the cgs 
electromagnetic unit of pole strength or, briefly, the unit pole. 

Except for ferromagnetic substances, the values of u differ 
from unity by an amount of the order of 107°. Hence for all 
so-called nonmagnetic media u may practically be taken as unity. 
Tn the case of such a medium Coulomb's law may be written as 


Femm'|r* (23.1) 
24. Verification of the Law of Inverse Squares by Hibbert's 
Magnetic Balance. 


Coulomb established his law in 1785 by using a torsion 
balance. The law can also be verified by Hibbert's apparatus, 
the theory of which is easier for the beginner to follow. It 
should be remembered that the law is an ideal one, since it is 
not possible to secure isolated point poles. When the law is 
applied to actual magnets one gets results which are only in 
approximate agreement with the law. A modified form of 
Hibbert’s apparatus is described below. 


c 


SY 


Fig. 23 
It consists of a long, ball-ended magnet Nass (Fig. 23) capa- 


ble of rotation about a horizontal axis through K which is slight- 
ly above the centre of gravity of the magnet. When free from 
magnetic forces N, S, is horizontal, A horizontal scale H.S is 
placed behind the magnet. The magnet is balanced on a non- 
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magnetic stand. As N,S, turns, a pointer P attached to it 
moves over a circular scale C.S. 


Another long, ball-ended magnet NS mounted horizontally 
on a separate adjustable non-magnetic stand and having its axis 
parallel to that of N,S,, is so placed that two similar poles of 
the two magnets lie one above the other vertically. Due to 
repulsion between the like poles N,S, will turn and take a posi- 
tion such as N,S,. A rider R of known mass M is then placed 
on N,S, to bring it to its horizontal position, In this condition 
let the distance between the repelling poles be d, and the force 
between them F,. The turning moment which this force exerts 
about the axis Kis F, x L, where L is the distance between the 
line of action of the force and K, This turning effect is balanced 
by the moment of the force Mg about K. If the distance bet- 
ween K and the vertical through R is /,, we have F, X L— Mgl;. 


Let now the distance between the repelling forces be changed 
to dą. The repelling force is now Fẹ, and KR=/, for balance. 


We then have F, L=Mgl, 


and F,L=Mgl, 
Bae lo 
or FU 
From measurements it will be found that 
I. id, à I... 1l 
E = d whence F, : Fa FEE > 


This shows that F is inversely proportional to d?, This ex- 
periment cannot be very accurate, because the effects of the 
poles at N and N, are not entirely negligible. The latter effects 
are reduced by increasing the distance between these poles as 
far as possible. Hence the magnets used must be long. 


25. Magnetic Field. 


A magnetic field is a region over which magnetic forces are 
exerted. Every magnet produces around it a magnetic field 
which theoretically extends to infinity ; but in practice the force 
is hardly detectable beyond a few metres, The earth's magnetic 
field is perceptible miles above its surface. 


Test pole. If we could place an isolated point pole at differ- 
ent places in a magnetie field it would in general experience 
forces of different magnitudes at different points. If the field is 
produced by a bar magnet, this imaginary pole would experience 
a stronger force (whether of attraction or repulsion) when close 
to one pole of the magnet. The force would be weaker when the 
pole is removed to greater distances. It should be remembered 
that the force experience by the imaginary pole in the given 
field is the resultant of the forces exerted on it by both poles of 
the magnet. 
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In a given field the force exprienced by the imaginary pole 
would depend on its strength and nature. The force is 
directly proportional to the strength of the pole. Moreover, 
the forces on an N-pole and an S-pole of the same strength 
will be equal and opposite. 

Since the force exerted on a pole in a magnetic field varies, 
in general, from point to point, the nature of the field can be 
described in terms of the force it exerts on an imaginary pole 
of known strength and nature. This imaginary pole is called 
the test pole. A unit north pole or unit positive pole is conven- 
tionally taken as the test pole. 

The intensity or strength of a magnetic field at a point 
is defined as the force in dynes that acts upon a unit north pole 
when placed at the point in question, it being supposed that the 
introduction of the test pole does not alter the field in any way. 

The terms magnetic field strength and magnetic intensity are 
synonymous with the intensity of a magnetic field. 

The anit of in or strength of a magnetic field. 
The unit of intensity of a magnetic field is one dyne per unit 
pole. It is called the Oersted.* Until recently it was called the 
gauss,** a term which still persists in many text books. The 
units commemorate the names of two well known scientists 
who have done pioneer work in electricity and magnetism. 

It follows from the definition of field strength that a mag- 
netic pole of strength m units when placed in a magnetic field 
of intensity H oersteds will experience a force of f dynes 
given by f=mH (25.1) 
or Force in dynes= Pole strength x Field strength 

The direction of the force on the test pole is called the direc- 
tion of the field. The strength or intensity of a magnetic field 
is therefore characterised by a magnitude as well as a direction. 
Hence it is a vector quantity. 

26. Magnetic Intensity due to a Point Pole. 

To find the magnetic intensity due to a pole of strength 
m at a piont distant r from it let us imagine a unit positive pole 
placed at the point in question. The force between the poles 
is Fe 1r (26.1) 

nr 

Now, „=l for vacuum, and practically so for all non- 
magnetic media. Hence for such media we may write 


F=" (26.2) 
r 


* After the Danish physicist Oersted who in 1820 discovered that an 
electric ritene H a magnetic field around it. (Vide CURRENT 


22). 
Per After uic d mathematician and physicist Karl Friedrich 
Gauss (1777-1855). 


156 MAGNETISM 


Eq. 26.1 gives the magnitude of the intensity at the point. Its 
direction is along the line joining poles. The sense will be 
away from m if it is positive, but towards m if it is negative, 

If m is kept fixed in position and the unit positive pole be 
free to move, the latter will move radially away from m when 
it is positive, or radilly towards it if it is negative. The track 
of a free test pole in the field due to a single point pole is there- 
fore radial. The concept of such tracks leads to the concept of 
what are called the lines of force in a magnetic field. 


27. Lines of Force, 


A line of force in a magnetic field is such a line that the 
tangent to it at any point gives the direction of the magnetic field 
(i.e., of the intensity or strength of the field) at that point. 

Now, the direction of the field at any point is taken as the 
direction of motion of the north pole as it moves along the line 
of force through that point. Hence we are led to an alternative 
definition of a line of force, viz., 


A line of force in a magnetic field is defined as the path that 
would be followed by a north magnetic point pole when free to 
move in the magnetic field, it being assumed that the introduction 
of the pole does not alter the field strength in any way. 

Since the force experienced by a pole placed at a point in a 
magnetic field has a definite direction, it is not possible for two 
lines of force to cut each other. For in that case the test pole, 
when placed at the point of intersection, will have two alter- 
native directions in which to move. 

Since a line of force describes the path followed by a north 
pole, lines of force appear to start from a north pole and end on 
a south pole. In drawings a line of force is provided with an 
arrowhead to show the direction in which a north pole would 
move. These arrowheads should then point away from a north 
pole and towards a south pole. 


There will be a line of force passing through every point in 
a magnetic field. The field extends in three dimensions in 
space, and so do the lines of force, 


28. Lines of Force due to various Dispositions of Poles. 


(i) Lines of force due to a free point pole. From the discus- 
sions in the previous articles it is clear that the lines of force 
due to a point pole are radial. Fig, 24 shows the nature when 
the pole producing the field is a north pole. If it were a south 
pole, the picture remains the same, but the arrows change 
direction. 
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(ii) Lines of force due to a bar magnet. Here there are two 
poles, equal in strength (vide § 36) but opposite in nature. The 
intensity at any place is the resultant of the forces which the 
two poles exert on the test pole. Suppose that the two poles 
are at N and S (Fig. 25). Place the unit north pole at a point 
A, in the field. The N-pole will repel it along NA, while the 


Fig. 25 
S-pole will attract it along 44S. But the force along NA, will 
F 1 1 
be proportional to WA,® and that along 4,S to LS In 


the figure since NA, is smaller than 4,S, the force along NA, 
will be greater than that along A,S. Representing these forces 
to scale we can find the resultant force at 4, by the parallelo- 
gram method. The resultant at A, will be A,K, in the figure. 
We can find it graphically or by calculation. 


If we find the direction of the "resultant, intensity from 
point to point throughout the field we get the lines of forces as 
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indicated in Fig. 26. Figures 27 to 29 represent the nature of’ 
the lines of force due to two poles of the same strength on the 
same or different magnets, 


A field of uniform intensity. A uniform magnetic field is one 
in which the intensity, both in magnitude and direction is the 
j same at every point. In such a field 
Sa Se ete ae one lines. of force. will. be parallel 
(Fig, 30). 
In a uniform field of strength H, 
a north pole of strength m experi- 
ences at all points the same force 
mH in the direction of the field, If 
Fig. 30 
however the pole is a south pole the 
force will have the same magnitude 
mH, but will act in the opposite direction, 


I 


i 


29. Moment of a Magnet. 

The most important physical quantity associated with a 
magnet is its magnetic moment. A magnet has two equal and 
opposite poles, The moment of a magnet is numerically given 
by the product of the strength of either pole and the distance 
between them, Thus if m is the pole strength and 2/, the 
magnetic length of a magnet, then its magnetic moment M is 
given by 

M=2ml (29.1) 

It is possible to determine the moment of a magnet without 
knowing the pole strength and the distance between the poles 
separately, In fact a magnetic point pole is an idealised 
concept; and while a magnetic moment can be measured 
directly, pole strength cannot, 


Physical idea of the moment of a magnet. Imagine a magnet 
of pole strength m, length 2/ and moment M placed in a uni- 
form magnetic field of intensity H and parallel to the lines of 
force of the field. 

If now the magnet is turned through an angle 6 (Fig. 31) 
it may be shown that a couple acts on the magnet tending to 
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restore it to its original position. The N-pole is acted on by 
a force mH in the direction of the field and the S-pole is acted 
on by an equal force mH in the opposite h 
direction. These forces constitute a couple mit 
tending to restore the magnet to its original 
position, i.e., parallel to H. The perpendi- 
cular distance between the forces of the 
couple is AS=2/ sin 0. The moment T of 
the couple is given by mH x 2I sin 0 

T- MH sin 0 (29.2) 
since mx2I2 M. 


Tt ——— 


In the special case when H= 1 and 
0-90?, the moment of this mechanical 
couple is equal to M, the magnetic moment. 

Hence the magnetic moment of a magnet may also be 
defined as the moment of the mechanical couple required to keep 
the magnet at right angles to a uniform field of unit intensity. 

Equation 29.2 explains why a freely suspended magnet 
aligns itself in the direction of a magnetic field. The equation 
shows that when a magnet is inclined to ‘the field, there acts 
on it a restoring couple which vanishes whén the magnetic axis 
is parallel to the field. ; j 

It may be mentioned here that a magnetic moment is to 
be looked upon as a vector quantity whose direction is along the 
axis of the magnet, the sense being from the south pole to 
the north pole. 

30. Magnetic Intensity at a point due to a Bar Magnet. 


(1) Ata point on the axis of the magnet. This position is 
variously referred to as the end-on position, axial position, the 
A-position or the first position. 

Let SN (Fig. 32) be a magnet of 
length 2/ and P a point on the axis at 


Fig. 31 


; B BR Bro a distance d from O, the mid-point of 
SN. Let m be the pole strength of 
Fig. 32 each pole. Then we shall have, 


m 
intensity at P due to the pole at N= WP? along NP 
S= gny along PS 
But NP=OP- ON-(d - I), 
SP —- OP--ON- (dI). 


and ” " ” » n » 
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*, Theresultant intensity at P due to both poles is given by 
m m 
ie E FIF along NP 


—_4mld 
(d? pA IE 
or since M = 2ml 
2Md 
Fam ge tay (30.1) 


In the particular case when / is very small compared with 
4, |? my be neglected compared with d?. Then the resultant 


intensity is given by F} = oa M. (30.2) 


(2) Ata point on the equatorial plane. 

This position of the magnet is variously 
known as the broadside-on-position, the 
f B-position or the second position. 

"X Let P (Fig.33) bea point on a line per- 
EN pendieular to the axis of the magnet SN 
FUR S through its middle point O, and at a distance 
/ a \ d from Q. 
y Then the intensity at P due to the pole 
at N is given by m/NP? acting along NP. 


. j That at P due the pole at S is m/SP2 acting 
(£—5—3 along PS. Since NP=SP 


Fig. 33 hu BE, Le 
z NP? spa! (say) 


Let these forces f along NP and PS be represented in magni- 
tude and direction by PQ and PT respectively. Then PQ = PT. 
Complete the parallelogram PORT. PR represents the resul- 
tant of PQ and PT'in magnitude and direction, PR may easily 
be shown to be perpendicular to OP. 


A simple way of finding the magnitude of PR is as follows. 
Resolve each of the forces f parallel and perpendicular to the 
axis of the magnet. The parallel components are fcos POR and 
feos TPR which add up to 2fcos OPR. The perpendicular 
components are f'sin QPR and f sin TPR which are equal and 
opposite. These two cancel each other. The resultant is 
therefore given by 2f cos QPR acting along PR parallel to the 
axis of the magnet and perpendicular to the line OP. 


The resultant intensity at P is given by 
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l 
(12 +42)? 


But cos QPR =cos PNO= ON _ 


EN =m 
and {= pa ja ge 


40 F,=2f cos QPR= = 
(da? m (d* + 12)8 


In the particular case when | is small compared with d, 


M 

Fp" a (30.4) 

Hence for a short magnet, the intensity at a point in the 

end-on position is twice that in the broad-side-on position pro- 

vided distance from the centre of the magnet is the same. 

Further, the fields in both the positions of the magnet are 
parallel to the acis. 


31. Worked Examples. 


(1) The S ra force between two poles is 20 dynes when they are 
5 cm apart. at will be the force if the distance is (i) increased to 6 cm, 
(ii) increased by 6 cm ? 


Solution: Let m and m' be the pole strengths of the poles. When 
, 
the distance was 5 om, the force was re dynes 


=20 dynes 
S2 0 mm'9 95x 20= 500 


(i) When the distance is 6 om, the force 


v=" = 500-158 dynes 


(ii) When the distance is 11 cm 
500_ 500 _ 418 dynes. 


11* 121 


2) A bar magnet of length 10 om and of pole strength 20 units is 
EES in a uniform horizontal field of intensity 0°25 oersted. Find 


the mechanical couple necessary to keep the magnet at an angle of 30° 


to the field. 
Solution: The magnitude of the mechanical couple is given by MH 


sin 6. 
Hero M=mxX2l, where 21 is the length of the magnet 
=20X10=200 units ; 
H=0'25 oersted 
.'. MH sin 0=200x 0°25 x05 
=25 ogs units. 


( 
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(3) A magnet of pole strength 1500 and length 10 cm is placed on 
a table. Find the intensities of the field produced (i) in the A-position and 
(ii) B-position at a distance of 20 cm from the middle point. 
V 4, 2Mád 
Solution: (i) We bave F,*gs-iy 
Here 21-10 cm, m=1500 and d=20 cm. 
s. po22X2mixd 2x15000x20 
A (a? pos IDE (20* —5*)* 
2% 15000 x 20 


253 x 153 =4'27 oersteds. 


G Riss See aint 
P qase: (202452 
= 15000 _ 1-719 oersted, 

(425)* 


SUMMARY 


LAWS OF MAGNETIC ATTRACTION OR REPULSION :—(i) Like poles repel 
and unlike poles attract. (ii) The magnitude of the attraction or repulsion 
between two poles varies directly as the product of the pole strengths and 
inversely as the square of the distance between the two poles. 

' The law of inverse squares may be verified by Hibbert's magnetic 
balance. 

Tf two exactly equal and similar poles placed 1 om apart in vacuum 
repel each other with a force of 1 dyne, each is a unit pole, 

The space surrounding a magnet, in which the effect of the magnot 
is perceptible, is called the FIELD OF THE MAGNET, 

The force per unit N-pole at any point in a magnetic field is the 
magnetic intensity (or field strength) at the point. It is measured in 
cersteds. One oerstod is one dyne per unit pole. 

LINES OF FORCE in a magnetic field are imaginary lines in the field, 
the tangent at any point of which indicates the direction of the intensity 
at that point, 

A line of force in a magnotic field indicates the direction in which 
a froe N-pole would move. 


The MAGNETIC MOMENT OF A MAGNET is tho product of the pole 
strength of the magnet and its magnetic longth. It may also be defined 
as the moment of the mechanical couple required to keap the magnet at 
right angles to a uniform field of unit intensity. 

The intensity at a distance d from tho centre of a magnet in the ond- 


T ‘ ~ 2Md 
on position is Py gap . 


If the magnet is short and d large, Fe 
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The intensity in the broad-side-on position is given by mpa M 


(a+ 
and for short magnets, Fy=%. For both the positions the field is 
parallel to the awis. 

EXERCISES 


1. State Coulomb's law of force between two magnetic poles and 
describe a method for verifying the law of inverso squares, 


2. Define (a) unit pole, (b) magnetio field, (c) intensity of the magnetic 
field at any point, (d) lines of force and (e) moment of a magnet. 


9. What is meant by a uniform field ? What is the distribution of 
lines of force in such a field ? 


A magnet is suspended in a uniform horizontal fleld of strength 0'25 
oersted. The moment of the mechanical couple required to keep it at 
right angles to the field is 500 cgs units. If the length of the magnet 
is 10 cm, what is the pole strength ? (Ans: 200 ogs units.] 


4. Find the intensities in the end-on and broad-side-on positions of a 
magnet at a distance of 10 cm from its centre, The magnet has a length 
of 10 om and a magnetic moment of 200 cgs units. - 

[4ns: 0'71 oersted ; 0°14 oersted.] 

5. The N and S poles of a bar magnet are at a distance of 13 om. 
P is a point in the field such that NP=5 cm and SP=12 cm. If the 
pole strongth at N or S be 3600 units, find the intensity at F in magnitude 
and direction. [Ans : 146'2 oersted at tan7* Pfr with NP.] 

6. Explain why a freely suspended small magnetic needle points in 
the direction of the magnetic field in which it is placed. 

What will be orientation if placed at a place free from the effect of 
magnetic fields ? 

7. (a) Two like poles, one four times as strong as the other, are 
placed at a distance of 6 cm. Find where they neutralise each other. 
[4ns: 9 om from the weaker pole along the line joining the poles and in 
between them.] 

(b) What will be the answer if the poles are dissimilar ? 

[Ans: 6 om from the weaker pole on the line joining the two and 

away from the stronger pole.] 


CHAPTER IV 
TERRESTRIAL MAGNETISM 


32. The Earth is a Magnet. 


Certain facts tend to show that there is a magnetic field 
surrounding the earth. 


(G) If a magnetic needle is suspended by an unspun silk 
thread accurately from its centre of gravity, it is found to come 
to rest with its axis inclined to the horizon at a constant angle 
at a given place. In the northern hemisphere the N-pole always 
dips downwards, while in the southern hemisphere the S-pole 
does so. If such a suspended needle is carried towards the 
geographical north pole the axis of the needle becomes more 
and more vertical The N-pole of the needle points exactly 
vertically downwards at a certain place near the geographic 
north pole. If needle is carried towards the south geographical 
pole, the south pole of the needle inclines more and more 
towards the vertical, till at a place near the south geographical 
pole the needle becomes exactly vertical. 


We know that in a magnotic field a freely suspended 
magnetic needle points in the direction of the field. The 
behaviour of such a needle at different places on the earth 
points to the existence of a magnetic field surrounding the 
earth. The reason for associating this field with the earth is 
that the orientation of a needle does not change with the 
time of the day or the season of the year, as it would have 
done if the field were of external origin. 

(i) Pieces of iron are magnetised slightly when they lie 
in a north-south or a vertical direction. Their magnetisation 
is increased by light mechanical shocks. This is the same 
kind of effect as magnetisation by induction in the field of 
an inducing magnet. This effect also points to the existence 
of a magnetic field surrounding the earth. 

The magnetic field surrounding the earth could be explained 
by assuming that the earth itself is a huge magnet. Dr. Gilbert 
of Colchester was the first to reach this conclusion (1600). He 
took a sphere of magnetite and placed magnetic needles at 
different places on the sphere. The angle at which a magnetic 
needle set itself relative to the sphere, differed from place to 
place on the sphere in much the same way as it does on the 
earth, 

The places on the earth's surface where a magnetic needle, 
freely suspended at its contre of gravity, becomes vertical are 
called the magnetic poles of the earth. The magnetic pole 
near the north geographical pole is called magnetic north pole ; 
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that near the south geographical pole is called the magnetic 
south pole. 


The positions of these poles have been determined. The 
north magnetic pole was located by Capt. Amundsen and 
Admiral Peary, and the south magnetic pole by Prof. T. W. E. 
David. Their approximate present locations (1960) are 


N-pole: 74'9*N latitude ; 101° W longitude. 
S-pole; 67'1°S latitude ; 142 7^E longitude. 
The positions of the poles have been found to change with 


time. The line joining their present positions misses the centre 
of the earth by about 700 miles. 


Since attraction occurs between opposite poles, the north 
pole of the earth has the same nature as the south pole of & 
magnet and vice versa. 

From an approximate description of the magnet field sur- 
rounding the earth, we 
may imagine a hypotheti- 
cal magnet NS placed at 
the centre of the earth 
with its axis inclined at 
an angle of about 18° to 
the axis of the earth (Fig. 
34). The field due to 
such a magnet describes 
very roughly the magne- 
tic field of the earth. Ny 


and Sy are the magnetic 
poles, 


There is some evidence to show that the polarity of the earth changed 
several times during geologic ages, the last change having occurred within 
the last fow thousand years. 


83. The Magnetic Elements of the Earth's Field. 


To specify completely the earth's magnetic field at a place 
we should state (i) the magnitude of the magnetic intensity at 
the place and (ii) its direction. Ths direction is that of the 
acis of a magnetic needle freely supported at its centre of gravity. 
A plane passing through this axis and the centre of the earth 
is called the magaetic meridian at the place. 
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Declination. The angle between the magnetic meridian 
and the true geographical north is called the declination or 
deviation (8). Sailors call it variation, 


Dip. The angle between the direction 
.of the earth’s magnetic field and the hori- 
zontal, measured in the plane of the mag- 
netic meridian, is called the dip or inclina- 
tion (8). 

Fig. 35 represents a magnetic needle 
8" freely supported at its c.g. It rests in the 
5 magnetic meridian with axis in the direc- 
tion of the earth’s field. The angle 
between the axis and the horizontal in the 
Plane of the meridian isthe dip (0). Din 
is taken as positive when the north pole 

of the needle points downwards. 


In Fig. 36 the shaded plane represents a vertical plane 
passing through the geographical north and south (the true 
meridian ). The unshaded plane is the Norm. 
magnetic meridian. The angle 8 be- 
tween them is the declination. The 
needle ns, freely supported at its c.g., 
points along the earth's field. 6 is the 
dip or inclination. 


The total intensity I of the earth's 
magnetic field may he resolved hori- 
zontally and vertically in the plane of 
the magnetic meridian, The compo- 
nent of the intensity of the earth's 
magnetic field resolved along the hori- 
zontal in the plane of the magnetic 
meridian, is called the horizontal component of the earth’s 
magnetic field. It will be denoted by H. 


Fig. 35 


~- hee 


gre m eS a Se cau 


Fig. 86 


Then H= I cos 0 (33.1) 
The vertical component V=J sin 0 (33.2) 
re tan 6= V/H (33.3) 
and I= JH34y3 (83.4) 


It is clear that the earth's field at a place is fully specified 
when we have’ stated the values of (i) the dip (6), (i) the de- 
clination (8) and (iii) the horizontal component (H) at the 
place. These three quantities are called the magnetic elements 
of the earth.* 


*More generally, any three quantities determining uniquely the magnitudo 
and direction of the earth's magnetic field at a place aro known as tho 
magnotic elements of the earth. 
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Table. Values of H, V, 6 and 8 at some places. 


H y H y 
Place | (in oersteds)| 9 | ? | Place | (in oersteds) 8 
Calcutta 40'E | New York 10°W 
Bombay 32’E | Chicago 2pWw 


67° | LO°W] Magnetic 
Poles 0 — 


London 


The maximum value of the horizontal component of the 
earth’s field is of the order of 0'4 oersted and is observed in 
the Philippine Islands. 


It is clear that if by some means, the effect of the hori- 
zontal component of the earth's field at a place is eliminated, 
a needle freely supported at its c.g. will stand vertically under 
the action of the vertical component of the earth's field. If 
the effect of the vertical component be eliminated, the needle 
will rest horizontally. The first result can be achieved by the 
dip circle. The second is realised in the magnetic needle. 


34. The Dip Circle. 


It consists of a vertical circular dise A (Fig. 37) graduated 
in 4 quadrants and divided into degrees. The horizontal line 


is marked 0°, 0° and the vertical 


line 90°, 90°. A magnetic needle 
N, capable of rotation about a 
rtl aO ry RR 


horizontal axis passing through its 
a 5 y. m B Fi 


centre of the circle as shown. The 
disc A itself is capable of rotation 
about a vertical axis in its own 
plane. The angle of rotation can 
be ascertained by reading an index 
fitted with a vernier (V) which 
moves with the dise over a hori- 
zontal circular scale (C) attached 
to the base. The apparatus stands 
on three levelling screws and is 
made of non-magnetic material. Fig. 37 


centre of gravity, is placed at the 


sanem 


To measure the dip at a place the instrument is first levelled. 
The vertical circle is then turned about its axis till the needle 
becomes exactly vertical. When it does so it points along the 
90°, 90° line. In this condition the plane of the dise is at 
right angles to the magnetic meridian. The axis of rotation of 


‘ponent of the earth" 
needle. 
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the needle being in the magnetic meridian the horizontal com- 
s field is unable to produce a rotation of the 
The needle can move only under the action of the 
vertical component and hence points vertically downwards. 


The vertical circle is now turned through 90*. This brings 
its plane in the magnetic meridian. The needle can now rotate 
in the magnetic meridian and comes to rest in the direction of 
the earth’s field. 


The position of the two ends of the needle is then read off 
from the scale on the vertical circle. The disc is then turned 
through 180° and the same readings taken. The mean of these 
4 readings gives the dip. 


For greater accuracy the needle is reversed on its bearings 
and the above readings repeated. The mean of all these values 


is taken as the dip. 


35. The Compass Needle. 


Compass needles illustrate what happens when the effect of 
the vertical component of the earth’s field is eliminated or is 
made practically ineffective, 


` 


Needle su 
gravity. 
| mv P 
s ^8 
a sS * A R 
S - 
mg 
Fig. 38 
plane, 


pported at a point vertically above its centre of 


By supporting a magnetic needle at a point vertically 


imi 


above its centre of gravity, it 
may be made to move in a 
practically horizontal plane. 
In Fig. 38 NS represents a 
horizontal magnet of which 
the o.g..is at O. A rod R is 
rigidly attached to the magnet 
at O perpendicular to its length 
and is supported at P. The 
earth’s vertical intensity V 
creates a couple which tends to 
turn the magnet in a vertical 


As soon as NS moves out of position, its c.g. is raised. 


This sets up a couple due to gravity which tends to restore 


the magnet to its horizontal posi 


tion. Equilibrium occurs when 


the restoring couple due to gravity is equal to the deflecting 


couple due to the vertical intensity, 
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Let 0 be the angular deflection from the horizontal position 
of the magnet, m the strength of each of its poles and M its 
mass. Then, 

the restoring couple = Mg X OP sin @ 

and the deflecting couple *mV x NS cos 0 

Since they are equal in the equilibrium position of the 
magnet, we have 

Mg x OP sin 0=mV* NS cos 0 
mVx NS 
Mg x OP 

By proper choice of the values of M and OP, 6 may be 
made inappreciable. In that case the magnet moves practically 
in a horizontal plane. 

In actual construction, a hole is drilled through the magnet 
at its centre of gravity and a small cap fitted to it. The cap 


or tan 0 = 


generally contains a concave piece of 
some hard stone. The needle is then 
placed with its cavity resting on a 
pointed non-magnetic support as 
shown in Fig. 39. This constitutes 
the magnetic needle. The magnet 
turns in a practically horizontal plane 
about its point of support, which is 
above its centre of gravity. 4 

Fig. 40 shows common forms of compass needles. In the 
figure on the extreme right P represents a long, light pointer 


Fig. 39 


Fig. 40 


attached at right angles to the magnet. The magnet itself may 


be very short. The deflection of the magnet may be read off 
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from the position of the pointer moving in a circular scale of 
which the centre is coincident with the pivot. 


36. Both Poles of a Magnet have the same Strength. 


The earth’s magnetic field merely exerts a directive action 
on a magnet. Even when a magnet is capable of translation, it 
does not move away bodily under 
the action of the earth's field ; it 
merely rotates till it aligns itself 
in the magnetic meridian. This 
can be demonstrated by floating a 
magnet on a piece of cork in water 
(Fig. 41). The magnet comes to 
rest in a particular direction, and 
regains this position even when Fig. 41 
Pei eid It does not move bodily towards the north or the 
south. 


In the equilibrium position of the magnet the horizontal 
and the vertical forces on it are balanced. Let us assume that 
the strengths of the north and the south poles of the magnet 
are m and m’ respectively and H is the horizontal component 
of the earth's field. Then the horizontal forces on the magnet 
are mH acting northwards and m’H acting southwards. In the 
equilibrium position of the magnet they act along its axis. 
Since there is no translation the two forces must be equal, 
le, mm. 


97. Measurement of Declination at a Place. 


It will be remembered that declination is the angle between 
the magnetie meridian and the geographical meridian at any 
place. It is thus the angle between the 
axis of a horizontal magnet and the 
direction of the true north (Fig. 49). Its 
value changes from place to place on the 
earth. 

Unless the declination at a place is 
known, the true north-south direction at 
that place cannot be found by simply 
Fig. 42 looking at the compass needle. 


To determine the declination at a 
place it is necessary to find (1) the geographical meridian and 
(2) the magnetic meridian and to measure the angle between 
the two. 


A rough and ready method is as follows : 
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(1) Determination of the geographical meridian. 

Fix a pole vertically in the open with the help of a plumb 
line. Draw a circle with the foot of the pole as the centre and 
radius equal to the length of the shadow of the pole cast by the 
sun. Mark in the forenoon the position of the tip of the shadow 
on the circle. Now wait till the shadow turns towards the 
east after mid-day and see where it meets the previous circle. 
Mark this point. Remove the pole. Join each marked point 
on the circle to the centre and bisect the angle between the 
two radii. The bisector gives the geographical meridian. 


(2) Determination of the magnetic meridian. 


Assume that the true north and south line is known and 
marked on a table. Take a rectangular bar magnet and fix two 
pins (A, B) at its ends at right angles to a face and close to its 


Fig. 43 i 
geometrical axis (Fig. 43a). Suspend the magnet above the 
north-south line so that it may turn in a horizontal plane while 
the pins attached to it remain vertical. When the magnet comes 
to rest, place two pins O, D (Fig. 43b) on the table so that CABD 
are in line. Turn the magnet upside down, suspend it again 
and place the pins Æ, F so that HABF are in line when the 
magnet is at rest. Join CD and EF and bisect the angle 
between them. The bisector MM is the magnetic meridian. 


The angle between this line and the true north-south line: 
drawn previously on the table gives the declination. 


38. Magnetic Maps. 


The magnitudes of the magnetic elements of the earth (i.e. 
declination, dip and horizontal intensity) have been determined 
in many places on the surface of the earth. On Mercator's pro- 
jection map of the world, lines have been drawn connecting the 
places having the same value of a given magnetic element, 
These lines superposed on the map of the world are called 
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magnetic maps. The lines are rather irregular, mainly due to 
various local circumstances, 


In the magnetie maps there are three kinds of important 
lines corresponding to the three magnetic elements. Lines joining 
the places on the surface of the earth having the 


(i) same declination are called isogonic lines (or isogonals), 


(ii) same dip (or inclination) are called isoclinic lines (or 
isoclinals), 


(iii) same horizontal intensity are called isodynamie lines. 


Two of these lines are of special interest. They are the line 
of no declination or agonie line (Fig. 44), and the line of no 
dip or the magnetic equator (Fig. 45). 

Magnetic maps showing isogonal lines are of special useful- 
ness in navigation. Such a map combined with a compass 
needle helps the navigator to find his bearings. 


Along an agonic line a magnetic needle points true north. 
Between the American and European agonies the declination 
is west, i.e., a compass needle points west of true north. On 
a line joining the magnetic and geographical poles of the same 
kind (ie., both north or both south) the declination is 180°. 


The magnetic equator on a map is the line joining all places 
where the dip is zero, i.e., the dip needle points horizontally 
along the magnetic equator. The magnetic equator is roughly 
in the neighbourhood of the geographical equator. To the 
north of it the north end of a magnetic needle, freely supported 
at its c.g, points downwards; to the south of the magnetic 
equator the south pole dips downwards. At the magnetic 
poles dip. is 90°. 


99. Variation of the Earth's Magnetic Elements. 


The values of the magnetic elements at a place do not remain 
accurately constant. 


There are two broad kinds of variations—(i) regular and 
(ii) irregular. 


Regular variations are (a) diurnal, (b) annual and (c) secular. 
These variations are generally very small. Diurnal and annual 
variations of dip and declination amount only to a few minutes 
of arc. That of the horizontal component is no more than one 
part or two in a thousand. Delicate, self-recording instruments 
are used for measuring these variations. It has been observed 
that for each element there are two hours in the day when it 
reaches its maximum and minimum values. These times are 
different for the different elements and are only approximately 
constant for a given element. 
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In annual variations there are, for each element, two months 
-of the year in which the element attains ifs extreme values. 


Magnetic elements at all points of the earth are undergoing 
a long-period change. These slow-changing variations are termed 
secular changes. The magnetic poles change their position. 
There is some evidence to show that they also change their 
polarity. 

From records of the changes of declination at London it 
seems that the north magnetic pole describes a circle of about 
17° radius in about 1000 years. But this conclusion cannot be 
confirmed by data from other places. 


Irregular variation. Sudden changes in the magnetic ele- 
ments sometimes take place simultaneously at different places 
on the earth. These are often associated with the appearance 
of a large sun-spot and auroral displays. These wide and sudden 
changes are known as magnetic storms. The extent of the 
variation may be greater than in diurnal and annual changes. 


40. The Magnetic Compass. 


It is an apparatus used by sailors and airmen for finding the 
true bearings of ships and aeroplanes. It consists of a hemis- 
pherical bowl in which is placed a composite magnet made of 


Fig. 46 


a number of strongly magnetised small parallel needles (often 8) 
arranged as in a ladder and suspended by threads from an 
aluminium ring which carries a circular card (about 10" in dia- 
meter). Fig. 46 presents a sectional view. n,n are the magnets, 
€ the card. 


The cardinal directions with sub-divisions are imprinted on 
the card as shown in Fig. 47, which represents the top-view 
ofa compass. In the centre ofthe card there is an inverted 
sapphire cup resting on the sharp iridium point of the pivot 
P. P is supported from the base of the compass bowl. (Fig. 
46 shows how the cup and the pivot. are placed.) The card 
carrying the magnets can turn on the pivot with a minimum of 
friction as both sapphire and iridium are very hard. 
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A line laid on the glass cover of the compass bowl marks 
the fore-and-aft direction of the ship. (The arrow mark in Fig. 47 
may be taken to represent 
this line.) As the ship 
turns the points on the 
card below this line give 
the direction of motion 
of the ship relative to the 
magnetic north. If the 
declination at the place is 
known the direction of 
motion relative to the 
north ean easily be found 
out. 

A ship is ordinarily made of steel and also carries much 
iron in its structure. These often acquire a feeble magnetisation 
and distort the local magnetic field due to the earth. Correcting 
magnets are placed near the compass bowl to neutralise the 
magnetic field due to the ship’s iron and steel. Marine com- 
passes are mounted on pedestals which raise the bowl to a 
convenient height. 

Gimbals—In order that the compass bowl may remain horizontal even 
when the ship rolls and pitches, it is provided with a special supporting 
device known as gimbals. The bowl is supported from a ring, concentric 
with the bowl, in such a manner that it can tum round a diameter of 
tho ring with very little friction, (Tho pins G,, G, in Fig. 47, which 
carry knife edges, show how this is done.) The ring in its turn is similarly 
Supported from another ring, but is capablo of rotation about a line 
perpendioular to the first, 

LIQUID COMPASS—In many modern compasses (Fig. 48) tho card is of 
mica and is immersed in a mixture of water and alcohol, Tho bowl (4) 
has two chambers, Tho upper one, filled completely with the liquid, has 
^ glass top (P) and no air inside it, The lower chamber has within it 
^ corrugated vessel (B) filled with the samo liquid and in communication 
with the liquid in the upper chamber, The expansion or contraction of 
the liquid due to changes of temperaturo is accommodated by the corru- 
gated vessel B, Tho card C and tho needles ns aro attached to a float 
(F) which neutralises most of the welght and reduces friction at the 
Pivot N. The liquid also servos to stop quickly the oscillations of tho 
magnets This compass is also mounted on gimbals (G), and is often called 
^ liquid compass, 

For airorafts the design is a itle different, In the Creagh Osborne 
compass the bowl is spherical and contains liquid, Tho card is fitted with 
a vertical mica cylinder on which the compass points are marked in 
luminous paint, 


Fig. 48 
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THE GYRO compass. The problem of making a compass always pointing 
to a fixed «direction in space has been solved by the introduction of the 
gyroscopic compass or briefly the gyro compass. Its principle has been 
discussed in Vol. I of this book. 


41. Worked Examples. 


(1) At a certain place the dip is 45° and the horizontal intensity, 
0'2 oersted. What is the total intensity at the place ? 

Solution: Let I be the total intensity. Then J cos 45°=H 

. I=HX J2=0'2 x 1°41=0'282 oersted. 

(2) Adip circle was at an angle of 30° to the magnetic meridian 
and the inclination of the magnet to the horizon was found to be 49°. 
What is the true dip ? 3 

Solution: Let 8 be the true dip, V the vertical intensity and H the 


horizontal intensity. Then T tn 8. 
When the dip circle is at an angle of 30? to the meridian, the 


- Fig. 49 
component of the horizontal intensity in that direction is H cos 30°=H, 
(Fig. 49) while the vertical intensity V remains constant. 


ish eun 49°, or s =tan 49° 


H, H cos 
«t. tan 0= K=cos 30°xtan 49°="87x 1-15 000571 (neatly). 
0=45°. 
SUMMARY 


That THE EARTH IS A MAGNET may be concluded from the following 
facts : 

(i) A magnetic needle when freely suspended sets itself in a definite 
direction at a given place, as it would do in a magnetic field. 

(i) Pieces ofiron are magnetised slightly when they lies in a north- 
south or a vertical direction. Magnetisation is improved by light 
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mechanical shocks. This is the same kind of effect as magnetisation by 
induction. 

These facts lead us to believe that there is a magnetic field surround- 
ing the earth. The constancy of the orientation of a magnetic needle at 
a place shows that the field at a place is constant, and must be due to 
the earth. 

The variation of the field from place to place shows that the field 
is roughly of the same nature as would be produced by a very strong bar 
magnet placed at the centre of the earth with its axis inclined at an angle 
to the geographical axis. j 

The MAGNETIC ELEMENTS OF THE EARTH'S FIELD are (i) the declination, 
(ii) the dip and (iii) the horizontal component of the earth's magnetic 
intensity. Their values ata place fully describe the earth's field at that 
place. DECLINATION is the angle between the magnetic and geographical 
meridians. Dir is the angle between the axis of a magnet freely suspended 
at its centre of gravity and the horizontal in the plane of the magnetic 
meridian. The component of the magnetic intensity of the earth resolved 
along the horizontal in the plane of the magnetic meridian is called the 
HORIZONTAL COMPONENT OF THE EARTH'S FIELD. 

The fact that the effect of the earth’s field on a magnet is only 
directive, proves that BOTH POLES OF A MAGNET HAVE THE SAME STRENGTH. 

The magnetic elements ofthe earth show (i) diurnal, (ii) annual and 
(iii) long-period variations. Irregular, sudden changes in the values of 
the magnetic elements taking place over a wide area are known as 
MAGNETIC STORMS. 

MARINER’S COMPASS combined with declination charts is of great use 
in navigation. 

MAGNETIC MAPS are maps of the earth on which have been drawn lines 
joining places having the same value of a given magnetic element of 
the earth. Lines of the same declination are called ISOGONIC LINES ; of 
the same dip, ISOCLINIC LINES and of the same H, ISODYNAMIC LINES. The 
AGONIC LINE is a line of zero declination, The MAGNETIC EQUATOR is a 
line of zero dip. 


EXERCISES 


1. Why is the earth regarded as a magnet? State what you know 
of the earth's magnetic poles. 

2. Explain the terms declination, dip and horizontal intensity of the 
earth's field. 

Describe a dip circle and the method of determining the dip with it. 

3. (a) How will you use the dip circle for ascertaining the magnetic 
meridian at a place ? Clearly explain the reason for the procedure you 
follow. 

(b) Explain how a magnetic needle is made to move in a horizontal 
plane. 
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4. Calculate the magnetic intensity at a place where the horizontal 
intensity is 0'285 oersted and the dip, 30°. [ANS : 0°33 oersted.] 

5. At which places on the earth will the values of dip be 90? and 
0°? Explain your answer. 

At which places on the earth will the declination be 180° ? 

6. The dip ata place is 30? and the horizontal intensity, 0'3 oersted. 
What is the vertical intensity ? [ANS : 0°17 oersted.] 

7. Ata given place the horizontal intensity is 0°25 oersted and the dip, 
30°. Find the angle of inclination of the magnetic needle of a dip circle 
when the plane of the dip circle is 60? east of north. 


[Ans: Atan angle tan- 33 


8. Describe an experiment to show that the earth's magnetism is only 
directive. 
How do you conclude that the poles of a magnet are equal in 
strength ? 
9. Give a brief account of the variation of the earth's magnetic 
elements. 
10. Describe a mariner’s compass. Does a mariner's compass give the 
true direction of the ship ? Explain your answer. 
11. What isa magnetic map? Explain what (i) isogonals, (ii) isoclinals 
and (iii) isodynamic lines are. 
12. Describe the general nature of the earth's magnetic field. Define 
the terms (i) agonic lines, (ii) the magnetic equator. 


CHAPTER V 
REPRESENTATION OF MAGNETIC FIELDS. 
42. Methods of Tracing Lines of Force in a Magnetic Field. 


In § 27 we have spoken of lines of force in a magnetic field. 
These are lines the tangent to which at any point gives the 
direction of the field at that point. There are two simple ways 
in which we can visually demonstrate the direction of the lines 
of force due to a magnet, viz. (i) by means of iron filings and 
(ii) by a small compass needle. Both methods depend on the 
fact that a magnet sets itself parallel to the lines of force in a 
uniform field. Though a magnetic field is not in general uniform 
over an extended region, it is practically so if the region is 
small. A small magnet, placed anywhere in a magnetic field 
may thus be considered to be in a uniform field. It will then 
align itself in the direction of the field at that place. If carried 


one place to place it will change its direction along with the 
eld. 


(i) Iron filings method. Place a piece of paraffined paper 
over a magnet and dust iron filings overit. As the filings 
approach the magnet they come under its inductive influence. 
Each becomes a magnet and sets itself parallel to the direction 
of the field at the place where it is. When the paper is gently 
tapped the filings arrange themselves in continuous curves 
which give the pattern of the lines of force. The pattern can be 
fixed by slightly heating the paraffin paper. It is however 
easier to form the pattern on glass, but it cannot be fixed, 
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Fig. 60 represents the pattern due to a bar magnet. 


Fig. 50 
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(ii) Compass needle method, On a piece of r place 
- magnet whose field is to i arin 
e mapped and mark its -O-.- 
boundary. Place a small . ge 9 SEG ` 
compass needle in the field (f) ~” S 400 
and make a mark opposite i $5 i © 71 
each end of the needle. ® 5 O) 
Move the needle until one ‘O______® 
end reaches the position I SF 
where the other end was. Fig. 51 
Mark the new position of 
the otherend. Repeat this until one end of the magnet is 
reached. Join together by a smooth curve the points so 
obtained. This represents a line of force. The whole field 
may be mapped out in this way by changing the initial 
position of the compass needle (Fig. 51). 


43. Magnetic Field due to a Magnet is modified by the 
Earth's Field. 


The field of a magnet as mapped in the above way does not 
give the true field of the magnet. We have seen in the last 
chapter that the earth itself is a huge magnet. Hence its 
magnetic field will be superposed on that of the magnet. The 
observed field surrounding a magnet is therefore the resultant 
of these two fields. 

The lines of force of a magnet are generally drawn ina 
horizontal plane. The observed field is therefore the resultant 
of the horizontal fields of the magnet and the earth. 

At any given place on the earth, the horizontal intensity 
over a large area is fairly constant both in magnitude and 
direction. The lines of force of this uniform field will therefore 
be a set of lines in a horizontal plane which runs parallel to 
the magnetic meridian. 

The actual pattern of the lines of force of a magnet in à 
horizontal plane will therefore depend upon the manner of 
placing the magnet with respect to the magnetic meridian. 


44. Field due to a Bar Magnet. 


If we are to find the field due to a bar magnet unaffected by 
the earth’s field, we have somehow to eliminate the effect of the 
latter. If the field is mapped ina horizontal plane it would 
be enough to eliminate the effect of the earth’s horizontal 
intensity only. This can be done as follows. 

Remove all magnets and magnetic materials from the 
neighbourhood of the working table. Take a long, thin mag- 
netic needle and place it on the table. 
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By means of two tall pins placed fairly apart on the table, 
stretch a fine thread over the needle parallel to its axis (Fig. 52). 
The vertical plane through the thread is the magnetic meridian. 


Fig. 52 


On a piece of paper attached to a drawing board trace the 
boundary of the magnet whose field is to be mapped, Take a 
short magnetic needle and place it close to one end of the 
magnet, say, the north. Place the board with the magnet and 
the needle below the thread and so turn the board that the 
needle is vertically below the thread and parallel to it. The 
resultant field at the position of the needle is now parallel to 
the magnetic meridian. Since this is also the direction of the 
earth’s horizontal intensity it is obvious that it could not have 
changed the direction of the field of the magnet at this position. 
The field due to the magnet at the position of the needle under 
the given condition is therefore in the magnetic meridian. 

Mark the ends of the needle by two sharp dots. Move the 
needle and at the same time turn the board so that the south 
pole of the needle occupies the position where its north pole 
was, while the needle itself is again in the magnetic meridian. 
Mark the north end of the needle. Repeat the process till you 
reach the other end of the bar magnet. Join the points by a 
smooth line. This represents a line of force of the bar magnet 
unaffected by the earth’s field. The whole field may be mapped 
by starting the needle from different points. The nature of 
the lines obtained is shown in Fig. 53. 


45. Lines of Force due to 2 Bar Magnet in the Earth’s Field. 
In this section we consider the fields in a horizontal 


plane. 
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awn from south to north 
indicate the uniform field 


In Fig. 53, the parallel lines dr 


(a) North pole pointing north. 
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resultant intensity will be zero and in consequence no line of 
force will pass through the point. This point is called the neu- 
tral point. There will be two such points on the two sides of the 
magnet. They are marked with a cross ( x ) each in Fig. 54. 


M 
(d? 12) 
But since at the neutral point Fg =H, we shall have — 3 
M 


We know that Fg = 


H: = Era ae aS 

(d? 41°) 
Thus from the position of the neutral point with respect to 
the magnet, we can find the value of the ratio M when d and ] 


are known. 

(b) South pole pointing north. 

In this case (Fig, 55) the earth’s horizontal field coincides 
with the field of the magnet along the equatorial line of the 
latter, But the fields are in opposition along the axis of the 
magnet. We shall therefore get two neutral points along the 
axis. Ifd is the distance of the neutral point from the centre 
of the magnet, we shall have at this point 

| ANS. LM 
Ar E T 
The field may be mapped 
| {inthe usual way. This also 


4 
P N gives the ratio > when we 
/ ox know d and /. 

' 

/ 


See i m 


} 

| (c) North pole pointing 
| east or west. 

i The pattern of the lines 
! of force in the case when 
i the N-pole points west is 
| Shown in Fig. 56. Pointe 
| 
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po 


marked with a eross (x) 
each are neutral points. 
When the N-pole points east 
the pattern is what would 
be obtained by rotating 
Fig. 56 through 180° about 
the equatorial plane of the 
magnet. 


46. Locating of the poles of a bar magnet. 
The poles of a magnet are to be cosidered as the effective 


centres of attraction or repulsion exerted by the magnet, Their 
location within the magnet may be found out ina simple way. 


CEA 
bs 
M 


———À M —— MÁ— ee o a a 
=x — — — — —— sa a — —— —— a e 
anpe 


ee Ó——Ó ——À—Ó— — MÀ 


Fig. 56 
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Remove all magnets and magnetic material from the neigh- 
bourhood of the working table. Stretch a string in the magne. 
tic meridian in the way described in 8 44. 

Trace the outline of the experimental magnet on a piece of 
paper attached to the drawing board. Place the needle close to 
one end of the magnet and turn the board till the needle lies 
in the magnetic meridian. This occurs when the needle is 
parallel to the string and vertically below it. 

At this position of the needle the fields due to the earth 
and the two poles of the magnet . $ 
are in the same direction. The 
effect of the far pole may be neg- e 
lected due to its much greater fo 
distance compared with that of NIU e» 
the nearer pole. Since the resul- N 
tant field is in the direction of Q 
the earth’s field, this is also the 
direction of the field due to the Fig. 57 
nearer pole. 

Mark the ends of the needle by two dots on the paper. Re- 
move the needle to other places near the same end of the magnet 
and repeat the process (Fig. 57). Do the same at the other end 
of the magnet. Remove the magnet. Join the pairs of points 
marking the ends of the needle at any position. When such lines 
near one end of a magnet are produced they intersect at one 
point within the boundary of the magnet. This point of inter- 
section of the lines gives the position of the pole at that end. 

Strictly speaking the lines do not intersect at a point, but 
cut one another at points which are close together. The position 
of a pole cannot therefore be represented by a point. It will be 
noticed that the experiment is practically the same as drawing 
tangents to the lines of force of the magnet near one end. 
From the nature of the lines we have determined in 844 it 
would be clear that the point of intersection of the tangents is 
not a fixed one, but depends on the position of the lines and 
the point on them where the tangent is drawn. The non- 
concurrence of the tangents shows that the concept of a point 


pole is an idealised one. 
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47. Magnetic screening. 


Place a ring of soft iron between the poles of two bar 
magnets (Fig.58) and put 
a sheet of glass on it. 
Sprinkle iron filings on the 
glass and tap it lightly. It 
will be seen that the filings 
within the boundary of the 
ring are oriented at random, 
while the other filings ar- 
Fig. 58 range themselves in a 
"s. regular pattern, as shown in 
the figure. The space within the hollow ring is free from lines 
of force. If we compare the pattern with that in the absence 
of the ring (Fig. 27) we find that the lines tend to crowd within 
the material of the ring, here soft iron. This shows that 
magnetic lines of force 
behave as if they find it 
easier to go through iron 
than through air. 

This suggests that if 
we want to protect any- 
thing from the influence 
of magnetic fields we can 
do so by enclosing it with- 
in a soft iron shield. This 
is known as magnetic 
screening. When the 
direction of the field is 
known, a thick iron plate 
placed perpendicular to Fig. 59 
that direction serves to N A 
screen the region behind it from the magnetic field (Fig. 59). 


48. Properties attributed to magnetic lines of force. 


The concept of lines of force plays a very important role in 
magnetism, The behaviour of the magnets and of materials 
under the action of magnets may be easily explained with the 
help of this concept. They help us to fix our attention on the 
forces in a magnetic field and the direction in which the forces 
act. Faraday attributed to them a real existence asstrain lines 
in ether connecting two opposite poles. To explain the attrac- 
tion and repulsion between poles he assumed that the lines tend 
to contract in the direction of their length, while lines proceed- 
ing in the same direction tend to repel each other, Because 
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of the tendency to contract, a line originating on a north pole 
and ending on a south pole will pull the two together. In 
Fig. 28 we have seen that lines associated with two like poles 
turn away from each other, The lateral repulsion between lines 
accounts for the repulsion between like poles, 

It may not be out of place to summarise the properties of 
the lines of force : 

(i) Lines of force originate ona north pole and end ona 
south pole. 

(ii) They have a tendency to contract longitudinally and 
repel laterally. (This explains the attraction and repulsion 
between poles.) 

(iii) Lines of force do not intersect one another. 

(iv) They define the path along which a free north pole 
would move if placed in the field. The tangent to a line at any 
point gives the direction of the field at that point. 


49. Magnetic Intensity and Lines of Force. 

Lines of force in a magnetic field define the direction of the 
field at any place, but tell us nothing about its strength. It is 
however possible to represent the field strength with the help 
of lines of force. In mapping fields we have seen that the lines 
of force crowd together near the pole of a magnet, but spread 
out as the distance from the pole increases. Thus there are 
more lines per unit area in a strong field than in a weaker one. 

To represent the strength of a field in terms of lines of force 
we imagine the lines in the field to be drawn with such density 
that the number of lines passing through unit area placed per- 
pendicular to the lines is equal to the strength of the field in 
oersteds, Thus at a place where the field strength is 5 
oersteds we imagine that there are 5 lines passing normally 
through unit area at that place. A field of unit strength has 
one line of force per square centimetre area placed at right 


angles to the field, 
50. Lines of Induction. 


In the space outside a magnet the lines of force run from 
the north pole to the south pole. The lines are imagined 
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‘continued through the magnet and supposed to run from the 
south pole to the north pole within the magnet. The lines thus 
form closed curves. Within the magnet they are called lines of 
induction. A line of induction continues as a line of force when 
it comes out of the magnet. 


Referring to Fig. 53 let us imagine that the parallel lines 
represent a uniform field in which a bar of soft iron has been 
placed. The bar is magnetised by induction and acquires 
polarity as shown. It creates a magnetic field as shown by the 
curved lines in the figure. These lines continue within the iron. 

Within the iron therefore we get two sets of lines, viz. (i) the 
set of lines due to the original field and (i) those due to the 

magnetisation ofiron, both 

E E P sets running from S to N. 

e The first set of lines is 

~ „~ called lines of force, the 

“ ," second set the lines of 

1 ..magnetisation and the two 

^"^ sets together are called 
7775 lines of induction. 


ether The resultant magnetic 
~~.. field outside the iron is due 
Pad, uu ¿œs to the original field and 
aseo pee E M. “that due to the magnet. 
uec grt S 7 At A and B the two fields 
a yer S `s reinforce, while at C and D 
MES. = they oppose each other. 
Fig. 60 The field may be Muri cea 
in the usual way and has 
the nature as shown in Fig. 60. There is a concentration of 
the lines at the ends of the bar and a thinning out in an 
` equatorial plane. 
Some important magnetio quantities are associated with the 
above facts and may now be discussed. 


51. Lines of Induction in Relation to Some important 
Magnetic Quantities. 


Permeability. Consider a unit area placed within the iron 
at right angles to the lines of induction. Let H be the number 
of lines of the original field passin through this area in the 
absence of the iron, and B the number of lines of induction 
through it. The ratio of B to H is called the permeability (x) 
of the iron. H is a measure of the magnetising force. B is a 
measure of the amount of induction in the iron and is called 
the magnetic induction or flux density. Thus 


T bility = number of lines of induction per unit area- 
pe SOTOADUNY = number. of lines of force per unit area 
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Susceptibility. The ratio 

number of lines of magnetisation per unit area 

number of lines of force per unit area 
is called the susceptibility (k) of the material. 


Ferromagnetic, paramagnetic and diamagnetic substances. 


In ferromagnetic substances, such as iron ete., the lines of 
force of an external field crowd densely. They therefore have 
high values of permeability and susceptibility. When a para- 
magnetic substance is placed in a magnetic field, the lines do 
crowd into it, but the crowding is very small (Fig. 61). In the 
case of a diamagnetic substance the behaviour is opposite. In 
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Fig. 61 
i ines are rarer (Fig. 62) than in vacuum (or air). Itseems. 
al ike tines find it poh} to pass through ferro- and paramag- 
but more difficult to do so through diamagnetics. For 
the first two, „>l and Kis positive. For diamagnetios u< 1 
and k is negative. Moreover, the first two are attracted towary 
a magnet, but the latter is re lled. The repulsion is so smal 
as to require a very sensitive device to detect it. A small needle- 
like specimen of a ferromagnetic or olsen ee substance 
sets itself parallel to the lines of force of a magnetic field, but a 
diamagnetic needle sets itself transverse to the field, 


netics, 


52. Magnetic Potential. 


i i ie., its magnetic field, 
The region surrounding a magnet, i.e., 1 
may be investigated in terms of another concept known as 


magnetic potential. 
i i tic and other 

magine a region of space free from all magne the 
MA aar Consider a magnetic test pole to be situated within 
the region. It can be moved about withoutany work being done, 
since there is no magnetic force to be overcome during motion. 
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Now imagine another poleofstrength m placed at a point within 
the region, To move the test pole from one point to another will 
now require work, since it will be acted upon by the force due 
tom. The force may be attractive or repulsive depending on 
the nature of the poles. 


Clearly, the region has undergone a change due to the intro- 
duction of the pole m. Its presence has conferred upon the 
region a new property in virtue of which work has to be done 
to move a magnetic pole from one point to another within the 
region. This property is called potential. 


Definition of magnetic potential : In the presence of a magnet 
a Space acquires a property in virtue of which work has to 
be done in moving a magnetic pole from one point to another 
in that space. This property is called magnetic potential. 


Measure of potential. Magnetic potential at a point in a 
magnetic field is measured by the work which will be done by 
an external agent in moving a unit north pole from infinity to 
the point in question. By the term infinity we mean a point 
outside the field, that is, a point where the effect of the field 
is inappreciable. 


Ifthe test pole has to be moved against repulsive forces in 
order to bring it up to the point of the field in question, the 
external agent will have to do work. In this case potential is 
considered positive. Thus the potential due to a north pole 
will be positive. On the same convention the potential due to 
a south pole will be negative. 


53. Calculation of Potential. 


A. Potential due to a point pole. Let a point pole of 
strength m be situated at O (Fig. 63) and let P be the point at 
which it is required to find the potential. Join OP and produce 


o P B Pe Far R o 
q——— ——i7*— —& mee 
Fig. 63 


it to infinity. Let P1, Ps, Ps, P, etc. be points on this line at 
distances 74, ?g......... r, from O. The magnetic potential at P 
the work done in bringing a unit positive pole from to P, 
The intensity at P is m[r* ; at P, it is mir,” ete. If r and 
r, are close together in value the arithmetic mean of 
the intensities will be equal to their geometrical mean ; 


; =m m 
Le = TTE MIT a 
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Hence the work done in moving the test pole from P, to P 
will be 
Hu. i dial 
met 
Similarly the work in moving the test pole from Pto P, will be 
m 1 1 
vas inten imr) 
and so on for any two neighbouring points. The work done 


H 1 


between the points P, ; and P, is |- 
Ty-1 Tn 


Adding up, the total work done in moving the test pole 


from P, to P will be = m [-—— RS Ba T TEST 
1 


T, Te 


Lend 
m pem (53.1) 


If P, is at infinity, r,—«5. The work done in this case is 
the potential V, at P. 


Ai Lop Leer 
V,—m (+ z= (53.2) 
m is positive for a north pole and negative for south. 


If the permeability of the medium is the intensities will be 
m/ur? etc., and the potential 
Vyemjur (53.3) 
If A and B are two points in a field and V4 and Vg 
their potentials, the work done in moving a test pole from A to 
Bis Vg — V4 , as will follow from equation 53.1. The work so 
done is called the potential difference between A and B. 


Potential is a scalar quanity and is measured by the scalar 
quantity *work per unit pole'. If the field is produced by a 
number of poles ms, Ma, m etc., the potential at a point of the 
field will be the algebraic sum of the potentials due to the indi- 
vidual poles. If ri, rg, Fa etc. are the distances of the point 
in question from the poles m,, Ma, m etc, respectively, the 
potential at the point is 

za Me, Ms 5 
V " ues + PUE (53.4) 
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B. Potential due to a small magnet. Let NS (Fig. 64) be 
a short magnet of strength m, length 2/ 
and moment mx2/=M. Let P be a 
point in air whose distance OP from the 
centre O of the magnet is r. Let OP 
make an angle 9 with the positive direc- 
tion of the axis of NS, i.e., 02 / PON. 


The potential at P due to N is m|NP 
and that due to § is—m/SP. But NP= 
r- cos 0 and SP=r-+-] cos 9. 


as Vom rus Teas 


— 2 ml cos 6 =M coso 
Spar cog p (03.5) 


Fig. 64 


if l is very small compared with r. 


54. Properties of Potential. 


(i) Potential at a point is single-valued. Whatever the path 
by which we bring the test pole from œ to the point the work 
done will be the same. Hence the potential at a point ina 
magnetic field has a single value, 

(ii) A north pole tends to move from a place of higher 
potential to a place of lower potential. A south pole moves 
oppositely. Equation 53.2 shows that the smaller the value of 
r the higher is the potential. The potential close to a positive 
pole is higher than at a distance. Due to repulsion that exists 
between two north poles a north pole would tend to move away 
from another n-pole, i.e., move from points of higher to lower 
potential. 

(iii) If V4 and Vg are the potentials at the points A and 
B separated by a short distance d, then the average magnetic 
intensity between A and B is (Va-Vs)|d. This defines the 
relation between intensity and potential. 


SUMMARY 


Lines of force in a magnetic field may be mapped by (i) iron filings, 
(ii) short compass needles. This is possible because short magnets set 
themselves parallel to the lines of force, 

The field of a magnet is affected by the earth's field. The nature 
of the resultant field depends on how the magnet is placed with respect 
to the earth's field. A point at which the earth’s field is neutralised by 
the field due to a magnet is called a NEUTRAL POINT. Ordinarily fields 
are mapped and the neutral points are observed in a horizontal plane. 
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From the position of the neutral points when the axis of the magnet is 
in the magnetic meridian we can find the ratio M/H. 

While the tangent to a line of force gives the direction of the field, 
their number per unit area gives the intensity of the field. A field of 
unit intensity has one line per sq. cm placed perpendicular to the field. 


Lines of force are supposed to be continued within the material of 
a magnet. They are then called LINES OF INDUCTION. Lines of induction 
due to the magnetisation of a magnetic substance are called LINES OF 
MAGNETISATION. 
number of lines of induction per unit area 


PERMEABILITY = 
» » force s " 
STe number of lines of magnetisation per unit area 
" » force " " 


Lines of force crowd heavily into ferromagnetic material in preference 
to air. This makes MAGNETIC SCREENING possible. 


Ferromagnetics Paramagnetics Diamagnetics 


Strongly attracted by magnets | Weakly attracted | Weakly repelled. 
Set parallel to lines of force | Set parrallel to lines | Set perpendicular 


1 = of eset to lines of force 
>> very slightly 

2 greater than 1 ucl 

k >> 1 and positive k positive but small k negative 


a a 
MAGNETIC POTENTIAL is a property which a space acquires under the 
influence of magnetic poles and in virtue of which work is done to 
move a pole in that space. Its value at a point is measured by the work 
done by an external agent in moving a unit north pole from infinity to the 
point in question. 

PROPERTIES OF POTENTIAL. (i) It is a single valued, scalar quantity. 
The potential difference between two points is independent of the path 
followed by a test pole in moving from one point to the other. (ii) A 
north pole tends to move from a place of higher to a place of lower 
potential. (iii) The potential difference between two points which are close 
together, divided by their distance apart is the average magnetic intensity 
between the points. 

Potential at a point due to a point pole= 77 (or? in vacuum or air) 


” 


» due’ to a number of point poles= X r 


due to a small magnet= P 2 2 


" " 


m is positive for north poles and negative for south. 
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MAGNETISM 


EXERCISES 


Describe a method by which a magnetic field may be mapped and 
explain the principle of the method. 


How can you map the field due to a bar magnet unaffected by the 
earth's field ? 


+ How would you find the Positions of the poles of a magnet? Are 


they fixed points ? 


* Give a general sketch of the lines of force when a magnet is placed 


in the earth's field with its 
(a) N-pole pointing north, 
(b) N-pole pointing south, 
(c) N-pole pointing east. 
Distinguish between lines of force, lines of magnetisation and lines 
of induction. 
State how they are related to permeability and susceptibility. 
(a) Distinguish between ferromagnetics, Paramagnetics and dia- 
magnetics. 
(b) What is magnetic screening ? Explain how it can be brought 
about. 
Define magnetic potential. Calculate the potential at a point due 
to a point pole when the permeability of the medium is k. 
Magnetic poles of strengths 10, 20, 30 and —40 are placed at the 
corners of a square of sides 2/2 cm. Calculate the potential at the 
centre of the square. [ Ans: 10 units, ] 
State some properties of potential. Calculate the magnetic potential 
at a point due to a small magnet. 
A magnet of length 11 cm. is placed horizontally in the magnetic 
meridian with its north pole Pointing north. Its neutral points are 
ata distance of 24 cm. from each other. If the horizontal component 
of the earth’s field is 0:35 oersted, calculate the magnetic moment 
and the pole strength ofthe magnet, given that its magnetic length 
is 10/11 of its total length, (ANS: 469 units; 46:9 unirs.] 
A short bar magnet placed horizontally in the magnetic meridian las 
its north pole pointing south. It has a neutral Point on the axis 
24 cm. to the north of the south pole, Find the total intensity at a 
point 20 cm. to the north of the south pole. (H=0'18 oersted). 
[ ANS: '013 oersted. ] 


CHAPTER VI 
MAGNETIC MEASUREMENTS 


The most important measurable quantity associated with 
a magnet is its moment ; that associated with a magnetic field 
is its intensity. In this chapter we shall describe methods 
of comparing magnetic moments and magnetic intensities as 
well as find some methods of measuring them. 


A simple instrument, called a magnetometer, is used for 
measuring the above quantities. There are two kinds of 
magnetometers, viz., 


(i) the Deflection Magnetometer, and 
(ii) the Vibration Magnetometer. 


55. Deflection Magnetometer. 


It consists essentially of a small compass needle (Fig. 65) 
pivoted at the centre of a circle each quadrant of which is 
graduated in degrees from 0? to 90°. The 0°—0° line coincides 
with a diameter of the circle. The needle carries at right 
angles to it a long aluminium pointer which moves over the 
graduated circle. To avoid parallax in reading the scale a 
mirror is placed below the pointer. The compass box is 
mounted on a wooden base fitted with a centimetre scale. 


Before using the magnetometer the compass box should be 
turned if necessary until the diameter joining the zeroes of the 
circular scale is parallel to the centimetre scale. 


Fig. 65 


In making measurements with this magnetorreter we shall 
do well to remember the following results already established : 


(i) When a magnet of magnetic moment M is placed ina 
uniform field of strength H with its axis inclined at an angle 9 
to the direction of the field, it is acted on by a mechanical 
couple whose torque (or moment) is given by 7=MH sin 9, 
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(ii) The magnetic intensity Fa in the end-on or A-position 
(i.e, at a point on the axis) of a magnet of moment M and 
length 2/ is given by : 

2Md 2M 
FA- Cam [or js 
where d=distance of the point from the centre of the magnet. 

(iii) Magnetic intensity Fg in the B-position or broad-side- 
on position (/.e., at a point on the equatorial plane) of the 
magnet is 


Fg 


when d >> 1] 


M M 
=E [or 5 whend >> 1] 
(iv) If a magnetic needle is small enough, the field sur- 
rounding it may be taken as uniform. It sets itself parallel to 
the lines of force at the place. 


56. Tangent A and Tangent B positions of Gauss. 
The two positions in which a stationary bar magnet and a 
pivoted magnetic needle 
i may be arranged so as to 
form the letter T before 
£-" — theneedle is deflected, are 
sapin ealled the tangential posi- 
tions of Gauss. The posi- 
tions represented in Figs. 
66 and 67 is called the 
‘A-position’ and that in 
Fig. 66 Figs. 69 and 70 the 
: * B-position', 
Theory of the deflection magnetometer used in the tangent 
A-position. 

Turn the compass box till the 0°—0° line is parallel to the 
centimeter scale. Then turn the 
magnetometer till the aluminium 
pointer reads 0°, 0° at bothends. 

"The linear scale now points mag- 
netic east and west, Place a bar 
magnet with its centre at O 
(Fig.67) and axis parallel to this 
scale. The needle of the magne- 
tometer before deflection is per- 
Fig. 67 pendicular to the axis of this 
magnet, 
There are two fields at right angles acting on the needle, 
viz. (i) the earth's horizontal field H and (ii) the axial field 


=F= 5 yaa due to the bar magnet, From Fig 68 it will 
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be clear that the mechanical couple due to F tends to deflect 
the needle out of the mag- 
netic meridian, Let 0 be 
the position of equilibrium 
of the needle under the 
action of these two fields. 
Then the couple of com- 
ponents mH tends to restore 
the needle to the meridian, 
while the other couple of 
components mF tends to 
deflect it. The former is 
called the restoring couple 
and the latter, the deflecting 
couple. 

In the equilibrium position 
the moments (or torques) of 
these couples must be equal 
and opposite. Now, the res- 
toring toque =mH x 2/ sin 
6 and the deflecting torque 
zmF x 2l cos 0. 

Equating the two 
we get F=H tan 0, 


Substituting for F we have 


2Md . Hino 


(d3—19)* 
Mo LE 56.1 
whence H d tan 0 (56.1) 


or $ d? tan 9 when d>> I. 


Magnetometer in the tangent B-position, Here the linear 
scale of the magnetometer is placed parallel to the magnetic 
meridian, ie, it 
points magnetic 
north and south. 
The bar magnet is 
placed across the 
Fig. 69 Scale and points 


magnetic east and west (Figs. 69 and 70). 


'The needle, which is on the equatorial plane of the bar 
magnet (Fig. 70), is again subjected to two perpendicular fields, 
viz. (i) the earth's horizontal field H and (ii) the equatorial 


field rare: M of the bar magnet. Here also F 
(d*+19)3 
provides the deflecting couple. Arguing as before we get 
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F=H tan OR 
or -M OH tan ts 
(dy 
UE M edt) tan 0 


which reduces to M/H=d® tan 0 if d>>l. 


The subscript B has been used here to 
distinguish this result from that obtained 
in the tangent A-position. 

It should be noted that in each position 
(tangent 4 or tangent B) the axis of the 
deflecting magnet is perpendicular to the 
Fig. 70 earth's field. 


57. Measurements with the Deflection Magnetometer. 


(I) Comparison of magnetic moments. The moments of 
two magnets may be compared by means of a deflection magne- 
tometer used either in the tangent A or the tangent B position. 
The following is the procedure :— 


(2) Deflection method: (i) Place the magnet on the linear 
scale with its centre at a suitable distance from the needle. 
Note the positions of both ends of the pointer after gently 
tapping the compass box to overcome the effect of any sticking 
at the pivot. (i) Turn the magnet end forendand take the 
same readings as before. (iii) Repeat the same observations 
with the magnet at the same distance on the other side of the 
magnetometer needle. 


The mean of these eight readings gives the deflection 0 of 
the needle. Repeat the same operation keeping the magnet 
to be compared at the position of the previous one. Let 
suffixes 1 and 2 refer to the values for the two magnets, and 
let the magnetometer be used in the A-position. Then 


M, _(d*-1,*)? M —(d*—I,2)9 
H^ 3j "n5 and H ~g tan Og 


whence i-i tan ô, tan 0, 


Ma Ad3—1,3| tano, tang; 50:7 7 h* and /,*. 

(b) Null method. Measurement of angles may be eliminated 

by using the following method. The two magnets, with their 
axes parallel to the centimetre scale, are placed on opposite 
sides of the magnetometer, which may be in any position, not 
necessarily the position A or B. The position of one of them is 
adjusted until the deflection of the needle is neutralised. In 
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this condition the fields produced by the magnets at the needle 
are equal and opposite. 

2Mıdı _ 2M.d, 
(d,* —1, t (d,*—1,9)à 
Mja dy 
M, ids;*—H?| ' d, 

(2) Comparing the earth's horizontal intensities at two 
places. 

If the strengths of the earth's horizontal field are to be 
compared at two places, measurements of the deflection of the 
same magnetometer needle are made at the two places using 
the same deflecting magnet at the same distance in both places. 
If H,, A; and 61, 0, are respectively the strengths of the fields 
and the deflections at the two places, we have 

Ma ie (d°? Man I$ 2 


or 


Hnc nid tan 6,, 
M d? —12 2 
and H, =i za tan 0, ; 
whence H, _ tan 05 
2 tan 0, 


58. Vibration Magnetometer. 


This instrument, also known as oscillation magnetometer, 
consists simply of a magnet placed on astirrup suspended by an 
unspun silk fibrein a box provided with 
glass walls. Fig. 71 shows an ordinary 
type. The box has a line marked on a 
mirror placed on its floor, and twoslits 
at the top eut parallel to the line. 'The 
line and the slits help in finding when 
the magnet crosses the line as it oscil- 
lates. The line is placed in the mag- 
netic meridian, The suspension must 
be without torsion, and the box and 
the stirrup made of nonmagnetic 
material. 

The theory of the instrument is very 
simple. When a magnet oscillates in a 
uniform horizontal magnetic field with 
small arcs of swing, its time period is 
given by 


T-2x 4j ar (58.1) 
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where M= magnetic moment of the magnet, 

H= strength of the field, and 

T= a constant for a magnet for a given position on the 
stirrup. It is called the moment of inertia of the magnet about 
the axis of suspension. If the suspension passes through the 
centre of gravity of the magnet, then fora bar of rectangular 
section of length /, breadth b and mass m 


1 
I —3471**5*) 


59. Measurements with the Vibration Magnetometer. 


(1) Comparison of magnetic moments. One of the magnets 
is placed on the stirrup so that the axis of suspension passes 
through its c.g. After the magnet has come to rest with its 
magnetic axis in the magnetic meridian, it is deflected by bring- 
ing another magnet near it. The deflecting magnet is 
removed and the first magnet allowed to oscillate with small 
ares of swing. Its time period T, is noted. The same opera- 
tions are repeated with the second magnet. 


From equation 58:1 
Ti VT, (M, 
T ——X — 
3 JM, "EP 
MT, I 
or M TE I, 


Alternative method. An alternative method which does not 
involve / is as follows. Place both the magnets on the stirrup 
with their like poles in the same direction and find the time 
period (7) of oscillation. Reverse one of the magnets and note 
the time period T,. Take care that in both cases the axis of 
suspension passes through the c.g. of each magnet. When the 
magnets are together their moments of inertia are added. But 
the total magnetic moment is the sum of M, and M, in the first 
case, and equal to their difference in the second, Thus we have 


JT VLFR 
T,-2x Tis 5. and T,—2aV Stl, 
JH(M,+M,) * AH. M.) 
Mi+My_ fi he 
M;,—M, T,? 
M, __T,*+T,* 
M, T,—-T,* 
2) Comparison of field "v i 
abai to mer iae in the two fields, ET tn equation 651 


remain the same, but H is different. If T,, T, are the time 
periods at the two places, then from the above equation 


or 
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Tı JHs 
navi 
Hj T, 
Hi m 
The fields are inversely as the squares of the time periods. 


(3) Comparison of pole strengths of two long magnets. A 
small magnetic needle is allowed to oscillate in the earth's field 
alone. Let its time period be T. Then 


T22x m (a) 


or 


Take one of the magnets and place itin the meridian due 
south of the needle with its N-pole towards the needle, and at a 
distance r from the latter. The earth’s field is now augmented 
by the field due to the N-pole, that due to the south being negli- 
gible on account of its distance. If m, is the pole strength, the 
field at the needle is H+H, where H,=m,/r? is the field due 
to the pole, If the time period in this condition is T, then. "" 


T,22x .— ET. 
UO MAF EG) 


Replacing the first magnet by the second, but keeping r 
fixed we get the time period now as 


Ts =2x ain BAS (c) 
JM (H+H 2) j 
From equations (a) and (b) Bani- 1 (d) 
1 
From (a) and (c) B = T ;—1 (e) 


Dividing (d) by (e) we get H,/H,. But H,|H,2m;[ms 
since r has been kept fixed. Thus we can get the ratios of 
the two pole strengths. 


60. To find M and H. 


If it isrequired to determine the magnetic moment of a 
magnet or the strength of a field without knowing the value of 
the moment of another magnet or the strength of another field, 
we proceed as follows : í 

i) To find M. The magnet is used to produce a deflection 
of the needle of a deflection magnetometer placed in one of the 
standard positions, say the A position. The value of M/H is 
found from equation 56:1. 
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It is then allowed to vibrate in the earth’s horizontal field 
at the same place. From the time period we can find MH. 


Mu p 60.1 
Thus H^ 3j ^9 (60.1) 
and MH=4x? I|T? (60.2) 


From these equations M may be calculated after eliminating 


(ii) To find the horizontal intensity of the earth's magnetic 
field at any place. This is the same experiment as the above, 
except that from the equations 60.1 and 60.2 we eliminate M 
and find H. 


61. Searle’s Magnetometer. 


This is a vibration magnetometer having a small magnet 
and is well suited for exploring variation of the horizontal field 
" from place to place, say in the 
laboratory. Of course all ex- 
periments described in connec- 
tion with the vibration magne- 
tometer earlier in § 58 can be 
performed with its help. 


It consists of asmall magnet 

4 ns (Fig. 72) fixed to a brass 

eg 4----QQN cylinder C supported axially 

CV by an unspun silkthread from 

one end. The lower end C tapers 

into a point. nsis arranged 

Fig. 72 horizontally and carries a light 

aluminium pointer P which 

enables the oscillations to be observed easily. The tapering 
point of C enables its central axis to be determined. 


If T is the time period of oscillation in a horizontal field of 
strength Æ, then from the formula T=2zx / Ij|MH we can 
write HT* —4x*I/ M —K, a constant for a given magnetometer. 

To compare two horizontal fields we need only to note the 
time periods of the needle in them. Then H,T,*=H,T,?. 


Verification of the Inverse Square Law. A ball-ended magnet 
NS (Fig. 72) is supported with its axis vertical andits lower pole 
in the same horizontal plane as the needle of a Searle magneto- 
meter. This magnet is placed in the magnetic meridian through 
ns. Ifthe length of NS be much in excess of d,, the distance 
between the centre of the lower ball and the centre of ns, the 
effect of the other pole on ns may be neglected. The polarity of 
the lower ball should be such that it increases the field at the 
needle. The period of the needle will then be shortened. 
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Let T, be the time period when the needle oscillates in only 
the earth's horizontal field H, and T that when the lower pole- 
is placed at a distance d from the needle. Let the lower pole 
inerease the field at the needle by H —m/d? 


Then HoT’ = (H,--H)T* —K 
K 
or Hoa and H,+ HA 


whence H=K (zs = zi] 
LU 


Since Ho" we have Hd? =m = constant 


d? 
1 1 
or Kd? (r 5:)7" 
or d? (575) = Z—eonstant 


Changing dand observing the corresponding T it will be 
possible to find whether the above expression remains constant. 
If so, the inverse square law is verified. 


SUMMARY 

Magnetometers are principally of two kinds, viz. (i) the deflection. 
magnetometer and (ii) the vibration or oscillation magnetometer. In 
making magnetometric measurements it is convenient to remember that 

(a) the field surrounding a small enough needle is uniform ; 

(b) the restoring torque acting on a magnet in a field is MH sin 0 ; 

(c) field at a point on the axis of a magnet is 2Mad|(d?—I*)? ; 

(d) field at a point on the equatorial plane of a magnet is MJ(d? 4-1?) $ 

The position in which a magnetic needle is arranged on the axis of 
a bar magnet so that the axis of the former before deflection is perpendi- 
cular to that of the latter, is called the tangent A position of Gauss. If 
the needle is on the equatorial plane while the axes are related as before, 
the position is called the tangent B position. Deflection magnetometers are 
used in one of these standard positions. 


ek) 
In the A position Mal Zp tin 6 


In the B position Mq uml tan 6 
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A magnet oscillating in a horizontal plane in a magnetic field with 
small arcs of swing has a time period 


ra ls 


The vibration magnetometer utilises this relation. 


Magnetometers are used to compare (i) magnetic moments, (ii) field 
strengths, (iii) strengths of poles, and to find M and H. Searle's form 
of vibration magnetometer is suitable for exploring magnetic fields. It may 
be used to verify the inverse square law. 


EXERCISES 
l. Desctibe a deflection magnetometer and state clearly how you can 
‘compare the moments of two magnets with it. 


Explain what is meant by the tangent A and tangent B positions of 
Gauss. 


2. A compass needle is set swinging in a magnetic field. What 
factors determine its period of oscillation? Describe experiments to illus- 
trate your answer. 


3. Explain how it is that magnets of different shapes and sizes may 
-have the same magnetic moment. How can you find which of two given 
bar magnets has the greater pole strength ? 


4. How would you explore the magnetic field at different places in 
the laboratory ? 


5. Describe a method of measuring the horizontal intensity of the 
*earth's magnetic field at a place. 


6. How can you verify the law of inverse squares ? 


7. A magnet 10 cm in length lies in a feld of intensity H=0'18 
oersted. The strength of its poles is 6 units. Find the moment of the 
couple required to deflect it through 30? from the meridian. 

[ ANS : 54 cgs units. ] 

8. A magnet makes 10 complete swings in 84 sec. at a place where 
H=0'2, Find the time swing when H—0:26. [ANS : 7'4 secs. ] 


9. Find the force experienced by a pole of strength 20 units when 
placed in a field of strength 100 units, Ata point Pin a field a pole of 
strength 150 is acted on by a force equal to the weight of 300 mgm. 
What is the intensity of the field ? [ Ans : (i) 2000 dynes ; (ii) 196 units.] 

10. Prove that the magnetic force exerted by a short bar magnet at 
a point A on the line passing through its centre and perpendicular to its 
axis is the same as the force exerted at a Point on the axis the distance of 
which from the centre of the magnet is 342 times the distance of A from 
the centre. 
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MISCELLANEOUS EXERCISES 


Two north-poles repel each other with a force of 2'4 dynes when their 
separation is 2 cms. What will be their distance apart when the force 
is 3°6 dynes? Find the repulsive force when their separation is 
3 cms. [ANs: d=1'63 cms, F=1°06 dynes} 
AB is a thin magnet 20 cms long, the strength of each pole being 
12 units. Upon AB as base an equilateral triangle ABC is constructed, 
Find the magnitude and direction of the force exerted on a unit pole 
placed at C. [ANS : 0°03 oersted parallel to AB} 
The poles of a bar magnet are 10 cms apart. Find the direction and 
magnitude of the resultant intensity at a point distant 6 cms from 
the N-pole and 8 cms from the S-pole, when the pole-strength is 
576 units. (ANS: Intensity—17:5 oersted at an angle of 
32/5? with the line joining the N-pole to the point.] 

Two north-seeking point poles, one of unit strength and the other 
of strength 2 units are placed at A and C ofa triangle ABC of 
which AB=3, BC=4, CA=5 cms. Find the resultant force on a 
unit pole placed at B. [ANS : 0166 dynes.] 
Two magnets each of length 10 cms and moment 100 units form 
two adjacent sides of a square. Find the intensity at the oppo- 
site corner when (1) like, (2) unlike poles of the magnets 
are together. [ANs: (1) 0°04 oersted ; (2) 0°14 oersted. The 
first field ia along the diagonal, the second is perpendiculer thereto.] 

A magnetic needle of moment 900 and pole strength 50 cgs units 
is free to move in a horizontal planeat a place where the earth's 
field is 0°36 oersted in this plane. It is in equlibrium at an angle 
of 30? from the meridian when it is pulled by a string attached 
to its north pole in the easterly direction. Find the tension of the 
string. [ANs: 20'8dynes]. 
A uniformly magnetized bar ofsteelis broken into two pieces one. 
twice as long as the other and the pieces are then fastened at right 
angles to each other. How would the combination set itself under 
the earth’s field if made to float on water ? : 

[ Ans: Angle ð between the axis of the longer magnet and the 
magnetic meridian is given by tan 0=} ]. 

Two short bar magnets of moments M and 2M are mounted ona 
frame so as to form a cross. If the combination is suspended at the 


centre by a vertical torsionless fiber, find the direction in which it 
will set in the earth's magnetic field, 


Calculate also the intensity F of tke field at a distance d from the 
centre of the cross on the prolongation of one of its arms. 

[ Ans: (1) At an angle on tan-' 1/2 between the magnetic meridian 
and the axis of the stronger magnet ; (2) On the axis of the weaker 
magnet, F—-242.M|d?. On the axis of the stronger magnet, 
F=J17M/d*}- 
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D 


A short magnet 50 cms to the west of a compass needle can deflect 
the latter through a maximum of 45°. Find the magnetic moment 
of the former. [ Earth’s horizontal intensity—0:36 C. G. S. units ]. 

[ Ans: 22500 units E 


10. A compass needle 30 cms to the east of a magnet and on its axis 


11. There is found to be a neutral 


12. 


is deflected through 45°, Calculate the moment and pole strength 
of the magnet, given that the length of the magnet is 6 cms and H 
=0°352 oersted. [ANs : M=6220°8 units ; m= 1036°8 units ]. 


point on the prolongation of the 
axis of a bar magnet at a distance of 10 cms from the nearest pole. 
If the length of the magnet is 10 cms and H—0:36 C. G. S. unit, 
find the pole strength. [Ans : 48 units ]. 


Two magnets, 4 and B of the same size and Shape, are caused to 
oscillate in the same magnetic field. A executes 15 vibrations per 
minute and B10. The magnets are then caused to oscillate in two 
other fields. A now vibrates 5 times and B 20 tim 


Compare the magnetic moments Of A and Band th 
the fields in which they now vibrate. 
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ELECTROSTATICS 


CHAPTER | 
FACTS ABOUT ELECTRIC CHARGES 


1. Introduction. 


Electricity plays a very important rolein our civilisation, In 
the electrical machinery which we use today for heat, light and 
mechanical energy, we are dealing with electricity in motion. 
But inthe history of electricity, the study of electricity in 
motion and the inventions based thereon are rather recent 
events. The earliest experiments on electricity had to do with 
electricity at rest. Many of ourfundamental concepts and terms 
are derived from these experiments. 


But what is electricity ? The correct answer is—we do not 
know. It is an invisible agent which makes its existence felt by 
some effects it produces. These effects form the principal 
subject of our study. 

It was known to the ancient Greeks (cir. 600 B. C.) that 
when a piece ofamber was rubbed with cloth it acquired the 
property of attracting light bodies 
such as dust, small pieces of paper, 
feather, straw ete. (Fig 1) The 
amber is said to have been electrified 


uf or acquired an electric charge. Later 
bi on it has been found that many other 
ES in substances, such as rubber, glass, 
sulphur ete, possess the same property. 

Fig. 1 While combing the hair with a hard- 


rubber comb on a dry winter morning, 
one may find that the comb attracts hair or supports pieces 
of paper. 

The term ‘electricity’ was introduced by Gilbert (1600 A.D.) 
and was modelled after the word ‘elektron’, the Greek equivalent 
of ‘amber’. An electric charge means a quantity of electricity. 

The study of the properties of electrified bodies on which 
the electric charge is at rest, forms the subject matter of 
electrostatics or statical electricity. 


2. Two kinds of Electricity. 


Careful experiments have shown that when any two sub- 
stances are rubbed together, or even brought into close contact, 
they become somewhat electrified. 

The following experiments show that there are two kinds of 
electricity or electric charge. 


Part II—14 
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(i) A hard-rubber rod is electrified by rubbing with flannel 
and suspended from a fixed support by means of an unspun silk 


RUBBER 


Fig. 2 


fibre. Another similarly charged rod of the same material is 
brought close to it. It is found that the rods repel each other 
(Fig. 2). 


(ii) A glass rod rubbed with silk is now brought near the 
suspended rubber rod. An attraction occurs between the two. 


(iii) The glass rod rubbed with silk is placed on the stirrup 
and a similarly charged glass rod brought close to it. They 
will be found to repel each other. 


From these simple experiments we conclude that 
(a) There are two kinds of electricity, and 


(b) Bodies charged with the same kind of electricity repel 
each other, while bodies charged with different kinds attract, 
Stated briefly : Like charges repel ; unlike charges attract. The 
observation is attributed to Du Fay * (vide MAGNETISM), 

The kind of electricity exhibited by glass when rubbed with 
silk is called positive electricity ; that acquired by rubber rubbed 
with flannel is called negative electricity. The terms positive (+) 
and negative (—) are due to Benjamin Franklin. It should be 
understood that positive electricity has nothing of a ‘positive’ 
nature associated with it. The justification of the names lies in 
the fact that when equal amounts of the two kinds are put 
together, no electrical property is exhibited ; one cancels the 
effect of the other. 

Substances may be arranged in what is called an electro- 
static series, such that if any two of them are rubbed together 
or merely separated from contact, the one higher up in the series 
will be charged positively, and the lower one, negatively. 


* Charles Francois de Cisternay du Fay, Frenchman, a soldier and 
courtier of Louis XIV ; retired half-way through his brief life to give all 
his time to science. 
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TABLE. Electrostatic Series (From positive to negative) 


————————————— 


Clean glass Quartz Wood Resin 

Fur Cotton Metals Sulphur 
Wool Silk Hard rubber 

Ivory The hand Sealing wax Guttapercha 


—————————— 


3. Conductors and Insulators. 


When a metallic rod held in the hand is rubbed with fur, no 
electrification can be detected on it, though the fur will show a 
charge. Ifthe metal is held by a glass or ebonite handle and 
then rubbed, it will be found to be electrified. If now the 
metallic rod is touched anywhere with a finger its electrification 
disappears. On the other hand, an electrified glass or ebonite 
rod, when touched with a finger, is found to have lost its electric 
charge only at the spot touched. The rest of the rod retains its 
charge as before. 


These observations show that electricity can move along, or 
is conducted by, some substances,. but not all. They lead to 
the following classification of materials : 


(i) Conductors, which permit electricity to flow along them 
(so easily that effects ofelectrification are not observed). Metals 
are the best examples of conductors. 


(ii) Insulators or non-conductors, which prevent the charge 
from escaping. Rubber, glass, sulphur etc. are some ofthe 
best insulators. To prevent leakage of electricity from the 
metallic wires of telegraph, telephone or electric lighting lines, 
they are supported on glass or porcelain knobs, which are 
insulators. 


There is no sharp line separating conductors from insulators. 
Most substances conduct a little ; there is no perfect conductor 
nor perfect insulator. Moist earth is a fairly good conductor. 
The human body and vegetable substances like wood conduct, 
though much less readily than metals. Liquids, except liquid 
metals, are in general non-conductors. But some solutions, such 
as those of acids, bases and salts, conduct electricity by a process 
known as electrolytic conduction. 


In the following table some common substances have been 
arranged in the order of increasing conductivity, Dry air is the 
best insulator, silver the best conductor. Moist air carries away 
the charge from a body quickly. It is practically impossible to 
show experiments on statical electricity on days when the 
amount of moisture in the air is large. 


210 ELECTROSTATICS 


TABLE. Insulators and Conductors. 
ree ORRE 93/8 5490: 08 UC NUN MNNNNE 


Insulators Poor conductors Good conductors 
air Dry wood Water solutions of 
Hard rubber | Paper salts and acids 
Paraffin Alcohol Graphite 
- Mica Kerosene Gas Carbon 
Sulphur Pure water Metals 


—— a 


4. Electrical Nature of Matter. 


It has been established beyond doubt that the atom of each 
element consists of a nucleus around which move electrons at 
various distances and in various paths. The nucleus consists 
of two kinds of particles, the proton and the neutron. 


. Electrons are the tiniest particles known to us, the mass of 
each being about 9x10-?5 gm and 1/1838 that of a hydrogen 
atom. They are the smallest charges of negative electricity. 


Protons have the same electric charge as electrons, but of 
opposite sign, i.e., positive. They are the smallest charges of 
positive electricity, and have a mass 1837/1838 that of a 
hydrogen atom. 


Neutrons are neutral particles (ie. having no electric 
charge) and are slightly heavier than protons. 


The hydrogen atom consists of a proton 
as the nucleus and one electron moving 
round it externally. The helium atom has 
a nucleus consisting of two protons and 
two neutrons (Fig.3) round which two 
electrons move. 


emma Though the atom is made up of electri- 


LECTRON cally charged particles, it is as a whole 

(D PROTON electrically neutral, there being as many 

@ <NeuTRON protons in the nucleus as there are elec- 
Fig. 3 trons outside it. 


Electrons of an atom are attracted by its nucleus with vary- 
ing forces depending on their distance. Electrons which lie on 
the outskirts of the atom are loosely held and may be easily 
detached. When one or more electrons are detached from an 
atom, it exhibits an excess of tive charge, Thus, a body 
which has lost some electrons will appear as Sii positively. 
A body which has gained electrons in excess of its normal quota 
has an excess of negativecharge and appears to be charged nega- 
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tively. A positive charge on a body implies a deficit of electrons 
and a negative charge an excess of electrons. 


A few words of caution are however necessary. Attempts 
to think of electric charges as being due to an excess or deficit 
of electrons may sometimes lead a beginner into difficulties. A 
good dealof unnecessary trouble may be avoided by ignoring 
the electron theory when discussing charges as a whole, just as 
in hydraulics we ignore the molecular structure of water and 
treat water as a whole. 


The electronic structure of matter gives a simple explanation 
of why two bodies of different materials exhibit charges when 
separated from contact. The outer electrons in the two bodies 
cannot reasonably be supposed to be held to each by the same 
force. So when the bodies are brought into intimate contact we 
might expect that some electrons would be disengaged from one 
and attach themselves to the other. The body which loses 
electrons exhibits a negative charge. Since initially the bodies 
were electrically neutral the loss of negative charge on one 
should be equal to the gain of the other. In other words, the 
bodies will appear to be charged with equal and opposite 
amounts of electricity. This may be confirmed by experiment 
(vide §7). 


Rubbing of two bodies gives rise to intimate contact over a 
larger area than simple contact ; hence the total charge trans- 
ferred by rubbing is greater. 


5. Electroscope. 


An electroscope is a device for detecting the presence of an 
electrical charge on a body and determining its nature, positive 
or negative. It also gives a 
rough estimate of the quantity 
of electricity which constitutes 
the charge, 

Pith ball electroscope. One. 
of the earliest forms of electro- 
scope consists of a small ballof 

fig 4 pith suspended by a silk thread. 
Its action is much improved if 
it is coated with a thin foil of metal, say of aluminium. 


When an uncharged body is brought near a pith ball, nothing 
happens. But when the body is charged, the ball is attracted 
towards it, If contact occurs between the two, the ball isrepelled 
(Fig. 4). The reason is that the pith ball shares the charge of 
the body and then repulsion ensues between two like charges. 
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a body charged 
contact with tho 


L. The divergence of the leaves is due to the repulsion of the 
like charges on them. The magnitude of the divergence is a 
rough measure of the charge on the electroscope, 

When another charged body is gradually brought nearer toa 
charged electroscope, the divergence of the leaves will increase if 


the charges are of the same kind ; but diminish if they are of 


*Now«a-days aluminium leaf is most commonly used. 
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opposite kinds. When the charged body is removed without 
having at any time touched the ideas 4 e, the di uns 
its leaves is restored to the initial value. VEMM E 


6. Electrostatic Induction. 


The two kinds of electricity on a body undergo a relative 
displacement under the influence of an electric Cid, The 
phenomenon is known as electrostatic induction. It is very 
pronounced in metals and may be illustrated as follows : 


A and B (Fig. 6) are two insulated metal balls mounted on 
separate stands, but are in contact initially. A charged rod, say 
of ebonite rubbed with fur, is 


brought near B. With the “S - 
rod still in position A is .„ és M 
separated from B. The rod =! z f 
is then removed. On testing ~ i 
A and B separately each (a) (b) 
will befound to have acquired on. 

A 


an electric charge ; but the a: 
charges on them are of oppo- + + 
site kinds, A, the remote + * 


conductor, acquires the same € 
kind of charge as on the rod ; (e (d) 

B,the nearer one,acquires the Fig. 6 

opposite. The charge on the 

rod is called the inducing charge, and the rod itself the inducing 
rod. Charges on A and B are called induced charges. 


The explanation is simple. The ebonite rod has a charge 
of negative electricity. It repels the electrons on the conductor 
placed near it. Since electrons are free to move in a conductor, 
they shift to the remotest end of the latter and produce an 
excess of negative charge at that place. The part of the 
conductor near the rod has a deficit of electrons and shows & 
positive charge. When the two balls are separated they yet 
have excess and deficit of electrons. But if the rod is removed 
before separation, the electrons, now free from the influence 
of the external force,will recover their original position and the 
balls will appear uncharged. 


If the inducing charge is positive, the same process takes 
place ; but now electrons are attracted towards the inducing 


, 


body leaving the remote end positively charged. 

Charging by induction. Induction offers an alternative 
method of charging a conductor. Inthe above experiment when 
A and Bare in contact and still under the influence of the induc- 
ing charge, A may be connected to the earth by meansof a wir 
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(Fig. 6c) or simply touched at any point by the experimenter 
Standing on the ground. 


If A is now separated while the inducing rod is still in 
Position, it will be found to have no charge when suitably tested 
by an electroscope. B, on the other hand, is found to have a 
charge opposite in nature to that of the inducing charge. 

On connecting A to the ground the charge on it has escaped 
into the earth. This charge*appears to be free to move and is 
called the free charge.* The free charge has the same nature as 
the inducing charge and tends to move farthest away from the 
latter. 

The charge on B is unable to escape, being held in position 
by the attraction of the inducing charge. It is called bound 
charge, and has a nature opposite to that of the inducing charge. 


If after earth connection, the connection is first removed and 
thereafter the inducing charge, the conductor is found to have 
acquired a charge Opposite to that on the inducing rod (Fig. 6d). 


To summarise, a conductor 


may be charged by induction + sah puig 
with electricity of a given kind Hea Oe 
*T Ca -— 

a8 follows : por 

(i) Bring a body charged with rA AM 
the opposite kind of electricity E (--- *'x* 
close to the conductor (but not ln ps 
in contact) ; - a 

(ii) Momentarily connect the a Pi 
conductor tothe ground whilethe Fig. 7 


inducing charge is in position, The 
conductor may be touched anywhere ; 


(iii) Remove the ground connection while the inducing 
charge is in position ; and finally 


(iv) Remove the inducing charge. 
The steps are illustrated in Fig. 7. 


*What appena is as follows: If the free charge is negative, 
electrons escape from A into the- earth. If the free charge is positive, 
electrons move from the earth into A and neutralise the positive charge 
On it. 
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The charging of a goldleaf electroscope by induction is ` 
treated in Fig. 8. Suppose it is required to charge it negatively. 


(i) A positively charged rod = 
(glass rubbed with silk) is ^— e e 


(b) 


brought close to it. The leaves 
diverge due to the induced 
free charge on them. This 
charge induces an opposite 
charge on the metal parts of 
the container. The free charge 
due to induction by the leaves 
escapes to the earth if the vessel 
is ground connected (Fig. 8a). 


(ii) The cap of the electro- 
scope is earthed, either by 
touching it or by connecting it 
to the earth or the grounded 
vessel. The leaves collapse as 
the free charge on them es- 
capes to the earth (Fig. 8b). 


(iii) The earth connec- 
tion with theleavesis removed, 
the inducing rod remaining in 
position (Fig. 8c). The leaves 
show no divergence. They 
haye no charge on them, the z 
bound charge being held on (c) (d) 
the disc by the inducing rod. Fig. 8 


(iv) The inducing rod is removed. The bound charge 
spreads over the cap, rod and leaves. The latter diverge due 
to repulsion between like charges (Fig. 8d). The metal con- 
tainer or the tin foils further increase the divergence dueto the 
opposite eharge on them which has been induced by the charge 
on the leaves. The electroscope has been charged with negative 
electricity. 

Dielectrics and dielectric constant. In electrostatic induction | 
there is always an insulating medium between the inducing 
charge and the induced conductor. This medium is called à 
dielectric and permits induction effects to be transmitted through 
it. When we call it an ‘insulator’ we are referring to the fact 
that it will not allow electrons to flow through : when we call 
it a ‘dielectric’ we are referring to its ability to transmit elec. 
trical influences. 

In the experiments on induction described earlier, air is the 
dielectric. When an oblong piece of a solid dielectrie such as 
glass, wax, mica ete. (or a liquid dielectric) is placed between the 
inducing and the induced bodies, inductive effects will be still 
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more marked. Inductive effect of course depends on the distance 
between the two bodies. The insertion of a solid or liquid 
dielectric is equivalent to reducing the distance in air. Induc- 
tion takes place with better effect through these dielectrics, 
and they are said to have a higher specific inductive capacity or 
dielectric constant. 


Induction precedes attraction. We have scen that a light 
body is attracted by an electrified body. Before attraction, in- 
ductive displacement of electricity occurs on the attracted body, 
an opposite charge being induced on the side of the induced 
body nearest to the inducing charge. The remote side acquires 
alike charge. The attraction between unlike charges which 
are nearer together, is greater than the repulsion between the 
like charges which are farther away. Hence the net result is 
an attraction between the two bodies. Inductive displacement 
occurs even when the attracted body is an insulator. 

Repulsion—a surer test of electrification. When attraction is 
found to take place between the two bodies one of which is 
known to be charged, it is not possible to say whether the 
other body also is charged. For attraction takes place between 
two oppositely charged bodies as well as between a charged and 
an uncharged body. If therefore repulsion takes place between 
two bodies one of which is known to be charged, the other 
must be charged with the same kind of electricity. Repulsion 
is therefore a surer test of electrification than attraction, 


7. Equality of charges produced by Friction or Induction. 
In the processes of electrification which we have considered 
80 far, electricity is neither created nor destroyed. What takes 
place is merely a separation of the two opposite kinds of electri- 
city. Since uncharged matter contains equal and opposite 
amounts of electricity, it is natural to expect that the appear- 
ance of an electrical charge at any place will be accompanied 
simultaneously by the appearance of an equal and opposite 
charge at some other place, In other words, whenever electri- 
fication oceurs, equal charges of opposite kinds make their 
appearance, This is confirmed by the following experiments, 
(i) Equality of charges produced by friction. An ebonite rod 
has a close-fitting fur or woollen cap with a silk thread attached 
to the top (Fig. 9). The cap is given several turns on 


When the ebonite rod is brought near an electroscope 
charged with a known kind of electricity the rod will 
show a negative charge. The cap, when tested likewise, 
will show a positive charge, 

If after rubbing, the rod and the cap are brought 
together near the electroscope, the leaves of the latter 
will be undisturbed, showing that the charges on them 

Fig 9 are equal and opposite. 
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(ii) Equality of charges induced on an insulated conductor. 
To prove it we require a simple device, known as a proof plane, 
which consists of a small metal dise with an insulated 
handle (Fig. 10). Consider the insulated conductor BC 
of Fig. 7 (a) which is under the influence of the positive 
charge on A. Touch the conductor at B with a proof plane. 

The proof plane takes a sample of the induced charge 
from the place touched. If the proof plane is now brought 
near a charged electroscope, it will show a negative charge. 
If the point C were touched, the charge would be positive. 


Remove A and test BC for charge at various points Fig. 10 
with the proof plane. It will be found to be neutral '* 
everywhere. Hence the charges induced at B and C must 
have been equal, because when permitted to flow together, 
they neutralised each other. 


(iii) Faraday’s Ice Pail Experiment: Equality of the induc- 
ing and the induced charges. A most striking experiment was 
carried out by Michael Faraday (1791-1867), the well-known 
British chemist and physicist, using a metal ice pail (P), an 
electroscope (E) and a metal sphere (B), arranged as in Fig. 11. 
The ice pail, a hollow, cylindrical, metal vessel, is kept on an 
insulated stand and connected externally by means of a metallic 


+ + i 
+ + + j^ 
-|+ 
al: de EL. + 
+he ahr 
[M tdi, Ne 
Fig. 11 


wire to an uncharged gold-leaf electroscope. In the figure the 

ail is shown placed on the cap of the electroscope. The metal 

all charged with, say, positive electricity is suspended by an 
insulating thread, To make the experiment conclusive the ball 
should be suspended from a metal cover which fits on to the pail. 
This ensures that when the ball is inside the pail, it is actually 
inside the hollow of a closed conductor, The following observa- 
tions may now be made : 


a) As the positively charged ball is lowered into the pail, 
iis of the electroscope diverge. The divergence increases 
until the ball is well inside the pail (or until the cover closes the 
pail). The explanation is that as soon as B gets near to P, induc- 
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tion occurs ; negative electricity appears on the inside of P 
and positive electricty on the outside, The latter charge being 
the free charge, part of it moves to the electroscope which is in 
metallic connection with P. 

(b) When the divergence of the leaves increases no more, 
B may be moved about inside P without causing any further 
change in the divergence, showing that theinduction has reached 
the maximum value. But if B is withdrawn, the leaves collapse. 

(c) If, instead of withdrawing B, it is allowed to touch P, 
‘the divergence of the leaves is unaltered, At contact, the 
inducing positive charge on B and the induced negative charge 
on P come together and neutralise each other. 


(d) If Bis withdrawn after contact with P,the divergence 
of the leaves remains the same as before. Moreover, on testing 
B now, it will be found to be uncharged. This shows that the 
inducing charge and the maximum bound charge it could 
induce are equal in magnitude and opposite in sign. Because, if 
they were unequal, the difference would have been shared 
between P and B. In that case B would have shown a charge 
after withdrawal, and the divergence of the leaves would also 
have altered. 


We have already seen under (ii) of this section that the free 
and bound charges induced on a conductor are equal in magni- 
tude. This experiment by Faraday shows that the maximum 
induced bound charge is equal to the inducing charge. Hence 
we arrive at the important result that the maximum cbarges 
fhat a given charge can induce are equal in magnitude to the 
inducing charge, = 

Faraday’s experiment also points to another important 
result. If we test the nature of the charge on the inner side 
of P by means of a proof plane, when the inducing charge is 
within the pail, we find it to be negative. After contact no 
charge can be detected on the inner surface : but the charge on 
the outside, when similarly tested, is found to be positive. 
This shows that a free charge on a conductor resides on the 
outer surface. We are thus naturally led to investigate how 
a charge distributes itself on the body on which it is placed. 


8. Distribution of Electricity on a Charged Body. 


A. (i) On insulators. When an electric charge is given to 
an insulator, the charge is confined to that region of its surface 
where it has been in contact with the charging body. If the 
substance were a perfect insulator, this charge would remain 
on its surface. Since no insulator is erfect, we find in prac- 
tice that even when a charge is plao on a good insulator, the 
charge gradually distributes itself over the body and to a less 
extent into its interior, 
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(ii) On conductors. From our knowledge that like charges 
repel and electricity is free to move through a conductor, it is 
possible to predict how a charge will distribute itself on a con- 
duetor. On account of the repulsion the articles of electricity, 
which are all alike in a given charge, will move through the 
conductor until each is in equilibrium as far from its neighbours 
as it can go. Hence we would expect to find them on the 
outer surface of the conductor. This is confirmed by the 
following experiment due to Faraday. 


A conical linen bag is fastened at its wider end to an insu- 
leted metal ring. (Linen is used because it is a fairly good con- 
ductor.) It has a silk thread 
attached to its apex and ex- 
tending about a foot beyond 
the apex and the base. The 
bag could thus be drawn 
inside out (Fig. 12). 

On charging the bag with 
electricity and examining it 
with a proof plane and Fig. 12 
electroscope, Faraday found i 
a charge only on the outside of the bag and none on the inner 
surface. When the bag was turned inside out, a charge was 
detected on its outside, i.e., the portion which had previously 
been the inner side. No charge could be detected on the new 
inner surface, which had originally been the outer surface. 


Faraday's chamber experiment. To show that charges reside 
wholly on the surface of conducting bodies, Faraday performed 
a classic experiment. He built a cubical box (of sides 12 ft. 
each), covered it with tin foil and shut himself up in the box 
taking with him various instruments for detecting electricity. 
The box was then charged highly with electricity by means of 
an electric machine, Faraday was unable to detect any trace 
of electricity in the interior, although large sparks and brushes 
were darting from every part of its 
outer surface. 


The experiment my be repeated 
on a small scale in the laboratory 
by placing an electroscope inside a 
cage of wire gauge kept on an in- 
sulated support (Fig 13). On bring- 
ing a charged rod close to the cage, 
or even charging it by means of an ` 
electric machine, the electroscope 
Fig. 13 will be found to be unaffected, 


Electrical Shielding. - These experiments casually show that 
a region may be shielded from external electrical influences by a 
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continuous metallic cover or even a metallic net-work. The effect 
so produced is known aselectrical shielding or electrical screening. 


B. A free charge cannot exist on the 
inner side of a conductor. We have already 
seen in connection with Faraday’s ice pail 
experiment that the induced free charge 
resides on the outer surface of the pail. It 
applies to any free charge placed on a con- 

‘ductor. Various simple experiments may 
be devised to demonstrate it. Fig. 14 
shows a hollow, insulated metal sphere. 
When a charge is placed on it, a test with 
a proof plane and an electroscope will 
show that there is no charge on the inner 
side of the hollow. The entire charge resi- 
Fig. 14 des on the outer surface. 


Biot’s experiment. The same effect was demonstrated by 
Biot who used a metal sphere and two hollow, metallic hemis- 
pheres which fit on to the 
sphere externally. The sphere 
is mounted on an insulating 
stand and the hemispheres on 
insulating handles. A charge 
is first placed on the sphere, 
which is then covered up by 
the hemispheres. Onremoving 
the hemispheres, they will be 
found to be charged but nocharge could be detectedon the sphere. 


C. A bound charge can exist inside a conductor. Though it 
is not possible to have a free charge on the inner surface of a 
conductor, yet it is quite possible to hold a 
bound charge there. Fig. 16 shows an 
arrangement in which a metal ball B is 
placed inside a hollow, metallie, insulated 
sphere. JB is connected with the earth by 
means of a metal wire which passes through 
the well of the sphere, but is insulated 
from the latter. 
Fig. 16 If a charge, say positive, is placed on 
the sphere, it will induce a negative charge 
on B, The free, positive charge induced on B will escape to the 
earth and leave B entirely in the possession of the negative 
charge. This negative charge will attract bulk of the positive 
charge on the sphere towards itself. The charge on the sphere 
will then be redistributed. A part will reside on its outer 
surface, but more of it will move to the inner surface. If the 
inner surface is now tested with a proof plane, it will show a 
positive charge. B, on similar test, will show a negative charge. 
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D. Effect of curvature on the density of charge. We have 
established the result that the charge on a conductor resides on 
its outer surface. The question which we proceed to consider 
now is, ‘How is this charge distributed over the surface? Is 
it uniform, or otherwise ?' A uniform distribution means that 
equal areas of the surface contain equal amounts of charge. In 
this connection it will be convenient to use the term surface 
aeiy of charge, by which is meant the amount of charge on 
unit area, : 


To investigate the problem we require insulated conductors 
of various shapes, say as shown in Fig. 17. A is spherical, B is 
cylindrical with rounded ends and C is pearshaped. Touching 


different points of a conductor with a proof plane, we find that 
the proof plane acquires a charge proportional to the surface 
density of the charge at the point touched. 


After touching a point on A with the proof plane, place the 
proof plane in contact with the cap of an uncharged gold leaf 
electroscope. The divergence measures the surface density at 
the point touched. It will be found that at all points on A the 
surface density is the same. 


If the ends of B have a smaller radius of curvature than its 
central portion, the divergence will be greater when the proof 
plane touches the ends, 


The effect of curvature of the surface on the density of 
charge is most strikingly demonstrated by the pearshaped 
conductor C. The divergence is much greater when the charge 
on the proof plane is taken from the small end than when 
taken from the large end. 


In mathematics, the term curvature is defined as the reci- 
procal of the radius of curvature of a surface. We may therefore 
express the result just now obtained by saying that the charge 
on a conductor has the highest concentration at a place where the 
curvature is the greatest, or that the surface density of charge 
is the greatest where the radius of curvature is the least. 
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E. Effect of points. A sharp point has a very small radius 

- of curvature ; hence its curvature is very high. A charged con- 
ductor provided with a sharp point will, therefore, show very 
great concentration of electricity at the point. Molecules of air 


. in the neighbourhood of the point are acted 
= on inductively by the charge on the pointand 
, attracted towards it. On contact the induced 
opposite charge is neutralised"; and the par- 


ticle is left charged with the same kind of 
electricity as the point. Consequently it is 
repelled. These repelled molecules may be 
/ sufficient in number and speed to produce an 
electric wind, strong enough to deflect the flame of a candle, To 
demonstrate it, an insulated conductor A (Fig. 18) provided 
with a sharp point P is connected by a metal wire with the 
knob of an electric machine (Chap. IV). A lighted candle is 
placed at a short distance from the 
point. When the machine is run the 
) flame will be found to be deflected. 
The effect of points is well illus- 
trated in the apparatus of Fig, 19. A 
metallie wheel having several spokes, 
each ending in a sharp point and bent 
as shown, is pivoted on a needle 
placed on an insulating support. 
When connected to an electric 
machine the wheel rotates like a 
reaction turbine, As the points 
repel the air particles away from 
them, they themselves get the recoil 
momentum ; hence their motion, 


Fig. 19 Brush discharge. When the con- 

j centration of charge at the points is 

very high, electrons may be torn off by the charge from neigh- 

bouring molecule of air. Of the two broken fragments (called 

ions) of an air molecule, the one having a charge opposite to 

that on the point, is attracted by the point. A neutralisation 
of charge on the point takes place in this way. 

When ionisation of air (i.e., breaking up of air molecules 
into oppositely charged fragments) take place due to the action 
of a point, a glow may be observed near the point. This is 
known as brush discharge. 


F. Protection from many Clouds are generally electri- 
cally charged ; the charge may be positive or negative. When a 
charged cloud passes above the ground it induces an opposite 


—_ 


“Note that this diminishes the charge on the point. A charged, in- 
sulated conductor provided with a point may be gradually discharged in 
this way, This is known as the discharging action of points. 
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charge on the ground. The charge induced on the highest 
structure below the cloud is nearest to the cloud. The 
attraction between the two charges 
may be large enough to cause a huge 
electric spark, called lightning, to pass 
between the cloud and the top of the 
structure, causing what we call a 
direct hit on the structure. 

Benjamin Franklin (1706—1790) 
was aware of the ability of points to 
discharge electricity and applied it in 
the invention of the lightning con- 
ductor. It consists of a metallic rod 
(W, Fig. 20) or thick strip with several 
sharp points at the top. The top 
extends several feet above the highest 
part of the structure which it is 
required to protect against lightning. 
The lower end is well grounded in 
moist earth (as shown at P). It should 
be connected to all external metal 
work which the structure may have 
and be intimately in contact with the 
building, 

The way it acts is two-fold: (1) Its 
points discharge into air the electricity 
on the structure and the adjacent 
ground, or it may discharge the passing 
cloud by attracting ions from the 
cloud. (2) In the case of a direct 
hit it offers an easy path for the electricity to flow to the earth 
without damaging the structure. All high structures should 
be protected by one or more lightning rods. 

In a thunder storm the safest places where to take shelter 
are: (i) anall-metal or steel-frame building, (ii) a building 
well provided with lightning conductors, (iii) an automobile 
with a metal top, (iv) a cave, dug-out or ravine, If in the 
open, do not go near a tree, wire-fence, wall or any isolated 
structure, but lie flat on the ground, preferably in a ditch. 
Also avoid stoves and fire-places. 


SUMMARY! 


Electricity is produced by friction between almost any two substances. 
It is of two kinds, positive and negative. LIKE CHARGES REPEL ; UNLIKE 
CHARGES ATTRACT. The electron is the tiniest particle of negative electri- 
city, and the proton, that of positive electricity. They have equal amounts 
of charge and are essential constituents of matter, Electric charges can 
frecly move through conductors, but not through insulators. A positive 
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charge on a body means a dearth of electrons in it, and a negative charge, 
an excess of electrons, Electrons can move freely through conductors ; 
protons are held to their places in solids, 

An ELECTROSCOPE detects and roughly measures a charge. They are of 
two kinds, viz. (i) pith-ball, (i) gold-leaf. They may be charged by 
conduction or by induction. 

INDUCTION consists in the displacement of equal and opposite kinds of 
electricity on a body under the influence of a charge. The induced 
charge on a body may at. the most be equal to the inducing charge. 
Induction precedes attraction. Because of attraction due to induction, the 
repulsion between two bodies becomes a surer test of electrification than 
the attraction between them, 


The free charge on a conductor resides on its outer surface ; a bound 
charge may reside on an inner surface. The charge on a surface is more 
concentrated at places where the curvature is larger, 


Because of the high concentration of charge at sharp points, a point 
can discharge a charged conductor. Part of the action of a lightning rod 
depends on this Property of sharp points. 


Exercises 

1. What are electrons, Protons and neutrons ? 

Give a short account of the electronic structure of matter. Distin- 
guish between conductors and insulators on this basis, 

‘An excess of electrons gives rise to a negative charge, and a deficit of 
electrons, to a positive charge.’ Explain the statement, Briefly explain 
electrification by friction. 

2. Describe a gold leaf electroscope. How can you charge it (a) by 
conduction, (5) by induction ? 

3. You are given a gold leaf electroscope, a glass rod and a piece of 
silk, and asked to determine the kind of electricty which will be produced 
on a stick of sealing wax when rubbed with flannel. State clearly how 
you would proceed, 

4. Why is it said that repulsion is a surer test of electrification than 
attraction ? 

You are given a positively charged pith ball and three rods of cbonite, 
two of which are charged with opposite electricity and the third is 
uncharged. How will you identify the uncharged rod and the nature of 
the charges on the other rods ? 

5. How can you show experimentally that charges Produced by 
friction or by induction are equal and opposite ? 

6. Describe Faraday's ice pai] experiment and state the conclusions 
you can draw from it. 

State and explain what happens when 


FACTS ABOUT ELECTRIO CHARGES 225 


(a) after the ball has been introduced well into the pail, the outer 
surface of the pail is touched with the finger ; 

(b) the finger is then removed ; 

(c) the ball is thereafter removed. 

7. How can you show experimentally that the free charge on a 
conductor resides only on the outer surface ? 

An insulated conductor is placed within the hollow of another insulated 
conductor connected to a gold leaf electroscope. The outer conductor is 
charged, and then the inner conductor is earthed. Will there beany 
difference in the divergence of the leaves in the two cases ? Explain your 
answer. 

8. Explain the action of a point in discharging a conductor. How does 
a lightning rod act? 

9. Petrol tanks placed on moving trucks are provided with hanging 
metal chains which reach the ground, Explain the purpose they serve. 

10. How does electric shielding differ from insulation ? What purpose 
do the insulators on electrical power lines serve ? 

11. Comment on the statement that electricity is neither created nor 
destroyed. Electrification merely consists in a separation of opposite 
charges. 

12. Why is it not safe to stand in the open during a thunderstorm ? 
What precaution will you take in such a situation ? 


——— 


CHAPTER II 
ELECTRIC FIELDS, LINES OF FORCE AND POTENTIAL 


9. Coulomb’s Law. 


Du Fay’s law of attraction between unlike charges and re- 
pulsion between like charges was established by himin 1733. But 


it was not until 1787 that the quantita- 
tive law obeyed by the force between 
two charges came to be known. Cou- 
lomb devised an apparatus known as 
the torsion balance in 1777 and with its 
help he established the result that the 
force between two charges, whether of 
attraction or repulsion, varies directly 
as the product of the charges and in- 
versely as the square of the distance 
between them. This result is known as 
Coulomb’s law of inverse square in 
electrostatics. 


Coulomb’s torsion balance and 
the verification of his law. 


A small, metal-coated pith-ball 4 
(Fig. 21) is carried at one end of a 
pointer P which is suspended by 
means of a very fine wire W from the 
torsion head T. Another ball B 
attached to a glass rod L may be 
lowered through a hole in the.cover of 
the cylinder. The distance between 
the centres of the two balls may be 
Fig. 21 read off from the scale S. 


A charge is placed on 4 and various charges on B. The 
force of attraction or repulsion between the charges twists the 
wire W. T'isthen turned to bring the balls to their original 
distance apart (i. e. to the distance before they were charged). 
The amount of rotation of T is a measure of the force between 
the charges. 


If qi =charge on A, q, charge on B, r—the distance between 
their centres, and f=the force of attraction or repulsion bet- 
ween the charges, it is found that : 


f= qı, when q, and r are kept constant ; 
qs, When q, and r are kept constant ; 
x l/r*, when q, and q, are kept constant ; 


ELECTRIC FIELDS, LINES OF FORCE AND POTENTIAL 227 


provided that the medium in which the charges are situated, re- 
mains the same throughout. It is also found that the force 
depends on the nature of the medium separating the charges. 


Combining these observations we may write 
939 
f« kri- (9.1) 


where k isa constant depending on the nature of the medium 
and is called the dielectric constant of the medium. 


From the relation 9'1 we may write 
=C 1242 
fec kr (9.2) 


where C isa constant depending on the choice of units (cf. the 
relation P=Kmf in Newton's second law). The charges may be 
taken with their proper algebraie signs (4- for positive and — 
for negative) for substitution in equation 9.2. If f comes out 
negative it means an attraction ; if positive, a repulsion. 


The Electrostatic unit of charge. In equation 9.2 it will be 
observed that while we have absolute units for f (the dyne) and 
r (the centimetre) we have no unit for the q's and none for k. ` 


The dielectric constant of vacuum is taken as the unit of dielec- 
tric constant, i. e., K=1 for a vacuum. We may then lay down 
the electrostatic unit of charge is that quantity of charge which 
will repel an identical charge at a distance of one centimetre 
in a vacuum with a force of one dyne. Substituting these values 
in equation 9:2 we have 

le.s.u.ofcharge x le. s. u. of charge 
ldynee C 1 (for vacuum) x (1 em)? 


which makes C—1. (Note that the method followed is the same 
as in making K=1 in the relation P=Kmf by adjusting the unit 
of force.) 

The unit of charge defined above is called the absolute elec- 
trostatic unit of charge, or briefly, the unit charge. ‘There is no 
other special name for this unit, though many American writers 
call it the statcoulomb (sfc, condensed form for ‘electrostatic 
coulomb’). When charge is expressed in absolute electrostatic 
units, Coulomb’s law may be written in the simplified form 


= dads 
J= 5 (9.3) 
It has been found that the charge on an electron is 4:803 x 
10719 e.s.u. or statcoulomb. In other words, it requires 1/4803 
x 10719 2 2708 x 10? electrons to make up a charge of 1 e, s. u, 
Nevertheless, the e.s.u. of charge is very small. For practical 
purposes we use a much larger unit called the Coulomb. 
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1 Coulomb=3x 10° e. s. u. of charge (or stc) 


There is yet anotherunit of charge called the electromagnetic 
unit which is equal to ten coulombs (vide ELECTRODYNAMICS, 
Chapter II). It may be called the abcoulomb (condensed form 
of the ‘absolute coulomb’). 


le.m.u. of charge (or abcoulombs)=10 coulombs =3 x 1019 
e. s. u. (or stc.) 


In most experiments electric charges are placed in air. The 
dielectric constant of air at N. T. P. is 1:000586, a value which 


The region surrounding an electric charge where its influence 


Ordinarily the field is confined within a distance of at most a 
few metres surrounding the charge. 


The test charge. To investigate an electric field theoretically, 
we imagine a unit, Positive, point charge to be brought into the 
field and find out the force it would experience at different points 
of the field. This charge is called the test charge. The test 
charge is supposed not to affect the field in anyway. 


Intensity or strength of an electric field. The intensit y (or 
strength) of an electric field at a point is defined as the force in 
dynes which would act upon a unit positive charge if placed at the 
point. The electrostatic unit of field strength is one dyne per 
unit charge. Since a force is a vector quantity, the intensity of 
an electric field at any point is also a vector and its direction 
at any point is the direction of the force which the test charge 
would experience when placed at the point. The direction of an 
electric field at any point means the direction of its intensity at 
that point. 
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If a unit positive charge experiences a force of, say, 100 
dynes directed north, when placed at a point in an electric 
field, it means that the field strength at the point is 100 dynes 
per unit charge and is directed towards the north. In general, 
if q units of charge experience a force of f dynes at a point in 
an electric field, the intensity E of the field at the point is 
given in dynes per unit charge by the expression 


E=f/q 

or f= Eq (10.1) 

i.e. Force=Field strength x charge 

Intensity of the electric field due to a point charge. 

_Let a point charge of + q e.s. units be placed at some point 
Q in a very large region of space filled with a medium of 
dielectric constant k, but otherwise empty. Let us find the 
intensity due to q at a point p, distant r from O. 

Imagine a unit, positive, point charge placed at P. Then 
by Coulomb’s law, the force on it due tog is qx l/kr*. This 
is, by definition, the intensity E of the field at P due to the 
point charge q. 

s. E=q/kr® dynes per unit charge (10.2) 

Thus, the intensity of the field due to a point charge is 
directly proportional to the charge and inversely proportional 
to the square of the distance from it. If q is positive E is 
directed away from it, since the force on the test charge is one 
of repulsion. Ifq is negative, E at every point is directed 
towards q. 


EXAMPLES. (1) Charges of +80 and —50 e.s.u. are kept 20cm away 
in a medium of dielectric constant 2°5. Find the force on each. 

Solution: By Coulomb's law the force 

80x50 
^55 (20) =4 dynes. 

Since the charges are unlike the force is one of attraction. 

(2) Find the intensity due to a spherical charge of 1000 units ata 
distance of 25 cm from its centre (i) when the medium is air, and 
(ii) when the medium is glass. The dielectric constant of air is unity, and 
of glass, 5. - 

Solution : Since intensity E- qlkr* we have 

E ir =1000/252=8/5 dynes per unit charge, and 


E glass 1000/5 x 25* —8/25 dyne per unit charge. 
(3) Charges of 10, 20, —30 and 40 units are placed respectively at the 


corners A, B, C and D of a square of side 2.cm. Find the magnitude and 
direction of the intensity at the centre P of the square. 
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Solution: (The student is advised to draw the necessary diagram.) The 
distances of the corners from the centre areJ2 cm each. Since the 
medium is not explicitly mentioned we may take it to beair with k=1, 

The intensity EA at P due to the charge at A is 10/(./2)?=5 units. It 
acts along the line PC. Similarly, the feld at P due to the charges at 
B,C,D are 

Eg =20/2=10 acting along PD, 
Ec=30/2=15 acting along PC, and 
Ep=40/2=20 acting along DP, 

"^ Ea+Ec=5+15=20 acting along PC, and Eg--Ep-—10--20—10 
acting along DP. Compounding these two values vectorially we get the 
resultant=10./5, inclined at an angle of tan-* } to PC and lying on the 
side of B. 

(4) Two small Spheres each weighing 0'1 gm and having equal charges 
are suspended from the same point by silk fibres 90 cm long. If the 
spheres are kept 6 cm apart by the repulsion find the charge on each, 
(q=981) 

Solution: Drawa diagram to represent the case. Let « be the deflection 
ofeach fibre from its position of rest and q the charge on each Sphere. 
Consider the equilibrium ofany one of the spheres, The forces on it are 
the tension T, the weight mg and the repulsion f—47/62, Resolving the 
forces horizontally and vertically, we have for equilibrium, 

J=T sin « and mg=T cos «, whence f—mg tan«. Substituting values 
Wwe get /—q* [62 —-1x 981» 3/(90* — 52d 

or q— 108 units. 


ll. Lines of Force, 


the intensity at the point acts. If the charge could move 
without acquiring an appreciable velocity, the path along which 


Definition. A line of force in an electric field is the path 


which a free, positive. point charge would describe if it moved 
everywhere in the direction of the field intensity. j 


ce the motion at any point of a path is along the tangent 
th at that poi i i 
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A. Properties of lines of force. It is easy to arrive at the 
following properties of lines of force (set in italics) : 

(i) The direction in which a positive, point charge tends 
to move is termed the positive direction of the line of force. 
Since repulsion takes place between like charges, it follows that 
lines of force must have their origin on positive charges and 
terminate on negative ones. The positive direction of a line of 
force is indicated by an arrow. 


! 
i 


D nre Pr 


(a) 
Fig. 22 


(ii) No two lines of force can intersect each other, for this 
would mean that at the point of intersection the electric intensity 
would be in two different directions, which is impossible. 

(iii) Figures 22(a) to 22(d) represent the nature of the lines 
of force in a number of cases. Fig. 22(a) shows the lines 
emanating from a positive charge or spherical charge. They 
are straight linesand radiate outward from the charge. Fig. 22(b) 
shows the lines of force when the charge is negative, The 
diagram is the same as in Fig 22(a), but the directions of the 
lines are reversed. In Fig. 22(c) the lines are due to two equal 
and opposite charges and in Fig. 22(d) they are due to two 
equal like charges. 

By means of lines of force we may try to get a picture of 
the attraction or repulsion between charges. We imagine the 
lines to have the properties of a stretched, elastic cord. Since 
such a cord tends to contract, it helps us to visualise how two 
unlike charges are attracted towards each other. 
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To explain repulsion between like charges the lines may be 
supposed to repel each other laterally. A reference to Fig. 29(d) 
will explain how this lateral repulsion between the lines brings 
about repulsion between like charges. 


Though no elastic material is known to possess the above 
attributes ascribed to lines of force, we find the concept of lines 
of force very useful. It effectively describes the behaviour of 
electrified and magnetised bodies, and offers a convenient means 
of representing fields of force graphically. 


B. Mapping of lines of force. In the case of magnetic fields 
lines of force could be mapped by means of a short magnetic 
needle or by iron filings. A similar procedure is possible for 
electric fields. We may take a small paper ‘needle’ suspended 
by a single fibre of unspun silk. "The paper-needle sets itself 
tangential to the line of electric force through its centre. The 
action is the same as on a magnetic needle in a magnetic field, 
Though the method is a possible one, it is not very practicable. 


A better method, however, is to sprinkle (a) freshly 
powdered gypsum crystals, (b) short bits of unravelled silik 
thread or (c) clippings from a camel-hair brush on a horizontal 
glass plate placed in the field. On tapping the plate carefully 
the small particles or the clippings orient themselves along the 
lines of force, and resemble the lines formed by iron filings 
about a magnet. 


It should be noticed that the lines so obtained, or the lines 
drawn as in Figures 22(a).(b) represent the field only in the 
plane in which they are drawn. The actual field is not confined 
to this plane only, but extends in all directions in space. 'The 
fields in Figures 22(a) and 22(b) in space may be visualised by 
rotating the diagrams about any diameter. Those in Figures 
22(c) and 22(d) may be had by turning the figures about the 
line joining the charges. 


C. Representation of electric fields by lines of force. As in 
the case of magnetic fields, lines of force may be made to 
represent not only the direction of the field, but the magnitude 
of its intensity as well. For this purpose the lines are imagined 
to be so spaced that their number per unit area normal to the field 
is numerically equal to the field strength. Thus ifthe intensit y 
at a point Pin an electric field is 10 dynes/unit charge, we 
consider 10 lines of force to passthrough an area of 1 cm square 
perpendicular to the field and having P asits centre, On th's 
representation, the field is stronger at the place where the lines 
crowd together, and is weaker where the lines are separated. 


D. Number of lines of force from a unit charge. A unit 
charge placed in vacuum (or air) produces at a distance of 1 em 
from it an electric field of unit intensity. If we imagine a 
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spherical surface of unit radius round this charge, the surface 
will have an area of 4x sq. cm. and the same intensity every- 
where. Hence on the above representation we should imagine 
4z lines to emanate from a unit charge in vacuum (or air). 


12. Electric Potential. 


The concept of potential plays a very important role in 
physics, particularly in electrical phenomena. It is therefore 
desirable that the reader acquires a thorough familiarity with it. 
The concept may easily be introduced in the following way. 


Consider a region of space entirely free from all electrical 
influence from outside and filled with a uniform dielectric of 
constant k, but otherwise empty. Imagine a small charge 
--q' placed anywhere in the region. It may be moved about 
in the region without any work of electrical origin being done, 
since there is no electrical force acting on the charge. 


But let a charge +q be placed at any point P in this region 
before the charge +g’ is brought in. To move +g’ from one 
point to another in the region will now require work, for the 
charge +q' will be acted on by the repulsive force due to +q. 
To move +g’ nearer to +q some external agent will have to 
do work against the repulsion, while if +g’ moves away from 
+q the repulsive force does work. Work is performed even 
if either of q, q' or both are negative. 


Thus the presence of a charge q confers upon the region at 
every point a new preperty in virtue of which work must be 
done to move another charge up to the point. This property 


is called electric potential. 


Definition. Electric potential is the property conferred on 
a medium by the presence of an electric charge in virtue of which 
work must be done in bringing another charge of electricity to 
any point in the medium. It is measured by the work done (by 
an external agent) in bringing a unit positive charge from infinity 
up to the point. 

If W units of work are required to bring g units of charge 
from infinity to a point P, the potential V at P is given by 


Pat (12.1) 
or W=Vq (12.2) 
i.e. Work — Charge x Potential 


Since both W and q are scalar quantities potential is also a 
scalar quantity. 
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one erg of work is done in bringing one e.s.u. of charge from 
infinity to the point. The unit of potential is lerg per unit 
charge. American writers call it the Statvolt (sty). 


The volt is the potential of a point when 1 joule of work is 
done in bringing 1 coulomb of electricity from infinity to the point. 
1 joule 
1 coulomb 


Since 1 joule—10* ergs and 1 coulomb=3 x 10? e,s.u, of 
charge, we have 


1 volt= 


— 10° ergs 1 lerg 
A os 3x10° es,u. 300 Teu. of charge 


1 : 
300 SV- of potential (stv) 


or 1 stv=300 volts. 


A. Potential at a point due to a point charge. Consider an 
extended region free from external electric influences and filled 
with a homogeneous dielectric of constant k, Let 4 be a point 


o ae P B Pe Bh Ro T P. 
"nA iier Po uror teen ee 
Fig. 23 


charge situated at a point O (Fig, 23) in the region and let P be 
the point at which the potential is required, Join OP and 


along this line into a large number of smal] segments, by means 
of the points Fa A PN P * whose distances from 


The electric intensity at PzQ|kr*, that at P, is q/kr,*. If 
r and r, do not differ by more than a small amount, the 
arithmetic mean of the intensities may be taken to be equal to 
their geometric mean, The average force on a unit positive 
charge between the points P and P, is thus /gjkr,? Xq/kr,? = 
q'kr,r,. Hence the work done (by an external agent) in taking 
unit positive charge from P, to P is 
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average force x displacement 


"ie eee 


Similarly the work done in moving unit positive charge from 
P, to Pi is 
1 I 


COPI ep are ee 
krirs (ra —71) ko ung) 


From any point P, to a neighbouring point P,,-, the work 


done is 
Ta. En eS ba -1| ipto - 


Kran Ta-i ln 


The total work done in bringing unit positive charge from c 
to Pis obtained by adding up the works done in small steps 
like the above. The total work so done is, by definition, the 
potential Vp at P. 


*. Vp = Z--ME- die vip 
uem tS 
or Vp = (12.8) 


kr 


Potential at a point is thus directly proportional to the charge 
and inversely proportional to the distance and to the dielectric 
constant. 

Positive and negative potential. When q is negative the 
potential is also negative. ‘This means that the work done by 
the external agent in bringing unit positive charge from infinity 
to the point is negative. In this case the test charge moves 
under the attraction it experiences in the field. When it has 
to be pushed against a repulsion, work is done by the external 
agent and the potential is positive. 


B. Potential due to a number of point charges. If there are 
a number of electric charges giving rise to an electric field, the 
potential at a point of the field is the algebraic sum of the 
tentials at the point due to individual charges, This follows 
from the scalar nature of potential. The potential V at a point 
P due to charges q1, qs, qs ete. which are at distances 7, la,” 


etc, from P, is given by 
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where Kk is the dielectric constant of the medium in which the 
charges are situated. The quantities q are to be taken with 
their proper algebraic signs. 


C. Potential and field due to a uniformly charged sphere. 
In calculating the intensity or the potential we considered the 
entire charge to be concentrated at a point, or to oceupy such 
à small volume that its lateral dimensions could be neglected 
compared with the distances involved. In practice, charges are 
often distributed over extended surfaces whose dimensions can- 
not beneglected. Calculations in such cases may be complicated. 


But one particular caseof an extended surface stands out in 
its ERER Tt is the case of a sphere. When a charge is dis- 
tributed unifor. 


Explanation. A simple explanation may however be offered 
for this kind of behaviour of charged spheres, Referring to 


from its surface or end on it in the same manner, This follows 
from the nature of the symmetry., The lines thus appear to come 
from or meet at the centre of the sphere. Their behaviour at 
points external to the sphere is the same as if the whole charge 
were at the centre of the sphere. Thus for points on the surface 
or outside a charged sphere we may assume the charge to be 
concentrated at its centre, 


D. Potential difference, Since potential isa scalar quantity, 


and B. To find this difference we may move a unit positive 
charge from the initial point, say A, to the final point, say B. 


amount of work V4 which is the potential at A. To move the 
charge to B, he has to do an amount of work Vs, the potential 
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.. To move unit positive charge from A to B the work 
done by the external agent= Vg — V4. 


.. The potential difference Vag between A and B isgiven by 
Van = Vg = Va. (12.5) 


In words we may say the the potential difference between 
two points is measured by the work which an external agent must 
do in carrying a unit positive charge from the initial point to 
the final, and is equal to the difference in potential between the 
final and the initial points. 


Potential difference is measured in the same units as potential. 
The potential difference between the terminals of the electric 
supply mains in D. C. areas of Calcutta. is 220 volts, which is 
11/15 of one electrostatic unit. 

There is an important point to notein connection with the potential 
difference between two points. We have said that it is measured by the 
work done in taking unit positive charge from one point to the other. 
The path need not be the straight line joining the points; it may be any 
path. It may appear that since the force along different paths vary in 
magnitude, the works along them will be different. But it cannot be so ; 
the work done is independent of the path. A simple proof of this state- 
ment may be provided as follows. If possible let the work done in moving 
a charge from A to B by some path P, be greater than that along some 
other path P,. Let the charge move from A to B via P, and come from 
Bto A via P,. In returning from B to A via P, the charge will give out 
more energy than is required in moving it from A to B via P,. During 
each cycle of motion some available work is thus left outstanding. The 
energy output becomes greater than the energy input, a situation which is 
impossible because it violates the law of conservation of energy. Hence 
the works along the two paths cannot be unequal. 


E. Relation between intensity and potential. Let A and B 
be two points which lie close together on the same line of force 
in an electric field, and let V4 and Vg be the potentials at the 
points with Va> Vp. If A and B are so close that the 
intensity E between the points is constant, then the work done 
by the field in moving unit positive charge from A to B is force 
Éxdistance AB. But this work is the same as that done on 
the field by an external agent in moving the charge from B to 
A. i.e., to the potential difference between B and A 


Va—Vg=EXAB 


Vane: 12.6 
or paler (12.6) 


E is directed from the higher potential to the lower potential. 
Points on a line of force are therefore at different potentials, 
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when the charge q' is at P, the potential energy of the system 
increases by Vx q' over its initial value, which was arbitrarily 
taken as zero, Hence we may write 


=charge x potential at the point where the charge lies, 
or briefly, Potential energy = Charge x Potential, 


charge into the field. The system itself does work and its 
potential energy diminishes, 


G. Positive electricity tends to flow from places of higher 
to places of lower potential. From what we have said above 
regarding the potential energy of a charge in an electric field, 
it is clear that a positive charge will have a higher potential 
energy when it is at a point o higher potential. Since itisa 
law of nature that a system tends to go to the configuration in 
which its potential energy is a minimum, it follows that a 
positive charge will tend to move from points of higher potential 
(where its potential energy is higher) to points of lower 
potential (where its potential energy is lower), A negative 
charge will, for the same reason, behave oppositely. 


This behaviour of electric charges may be easily understood 
by referring to their behaviour in simple cases, Consider Fig. 
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22(a). Nearer to the charge the potential is higher ; further 
away, the potential is lower. Another positive charge placed 
close to this one will experience a repulsion and move away 
along the corresponding line of force. It is this repulsive force 
which makes a free positive charge move away from a fixed 
positive charge, i.e., makes the former move from places of 
higher to places of lower potential. 

If the charge introduced in the field be negative, it is 
attracted by the positive charge (which produces the field) and 
moves nearer to the latter, i.e., it moves from places of lower 
to places of higher potential. 

If the field produced is due to a negative charge as in Fig. 
22(b) points closer to the charge have higher negative values 
for their potential. In this case, therefore, points further away 
from the charge are at higher potential. A free positive charge 
released in the field of a stationary negative charge will move 
towards the latter under the attractive force. It thus moves 
from higher to lower potential. 

It follows that when two charged conductors are connected 
together, positive charge will flow from the conductor at the 
higher potential to that at the lower, even if the latter has more 
positive charge on it than the former. 

H. Analogy between potential and other physical quantities. 
Beginners often experience some difficulty when they come across 
the concept of potential. This is perhaps due to the lack of a 
picture in terms of which potential may be visualised. Teachers 
and authors alike have taken recourse to various analogies to 
explain the concept of potential. Some of these are given below, 


(i) Hydrostatic analogy. Potential is compared to ‘level’ in 
hydrostatics. In Fig. 24 the level of water in A is higher than 
that in B. When the stop-cock D is opened water flows from 
A to B even though B may contain 
more water, The flow continues so 
long as the level in 4 remains higher 
than that in B, and stops when the 
levels are equal. The behaviour of 
the liquid is the same as that ofa 
positive charge when two bodies at 
different potentials are connected 
together. Positive charge flows from 
the body at the higher potential to Fig. 24 


that at the lower until their poten- 
tials are equalised. Here potential behaves in the manner of a 


pressure and may be styled an ‘electric pressure’ forcing a 
positive charge to move as stated. But the same does not 


apply to a negative charge. 
ii) Thermal 


( . Heat flows from a body at a higher 
temperature to a body at a lower temperature, even though the 


Part II—16 
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latter may contain more heat than the former. Thus positive 
charge behaves like heat and potential like temperature. 


(iii) Analogy from gravity. Consider a thin, elastic mem- 
brane stretched horizontally. By means of blunt needles we 
may push it upwards at some points from below _or press it 
downwards at some other points from above, thus giving rise to 
elevations and depressions on the membrane. A particle free to 
move on the surface of this distorted membrane will roll. down 
the slope from an elevation till it gets itself into a depression. 
The distorted membrane corresponds to an electrie field in 
which the top of an elevation corresponds to a stationary 
positive charge and the bottom of a depression to stationary 
negative charge giving rise to the field. The height of any 
point of the membrane above its undisturbed level corresponds 
to the potential at the point. Depressed portions have negative 
potentials ; on elevated portions potential is positive. 


I. Potential of the earth arbitrarily taken as zero. Like 
potential energy, the potential of a body is always measured by 
difference. For convenience we want a body whose potential 
may be taken as zero, with reference to which the potentials 
of other bodies may be measured. The earth, which is a good 
conductor, particularly when moist, is the most suitable body 
forthis purpose. Most electrified bodies in the end either give 
up their charges to the earth, or become neutralised by an 
equal and opposite charge from the earth. The earth is such a 
huge body that an addition of a charge of any kind or a 
withdrawal does not alter her electrical condition in any 
appreciable way, just as the water added by the rivers or 
evaporated by the sun does not alter the level of the ocean, 
Her electric potential is arbitrarily taken as zero. 

To connect a body to the earth with tho purpose of bringing 
the body to zero potential, it may be connected to a gas or a 
water pipe by means of a wire. 


Fig. 25 Fig. 26 


J. Equipotential surfaces. A surface, all points of which 
are at the same potential, is called an equipotential surface. 
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Fig. 25 represents the field due to a charge +g at O and free 
from other influences. The lines of force are radial. At a 
distance r from O the potential has the same value q/kr, Thus 
over a spherical surface of radius r and centre O, the potential 
has the same value. This spherical surface is obviously an 
equipotential surface. Equipotential surfaces in the case of a 
point charge free from other influences, are concentric and 
spherical. In the case of a charged spherical body B (Fig. 26) 
the position is the same. The potentials over different spherical 
surfaces concentric with B are different, but at different points 
of the same surface they are the same. In both casesit is clear that 
the lines of force are perpendicular to the equipotential surfaces. 


In Fig. 27 the lines of force and the equipotential surfaces 
due to two equal spheres charged with equal amounts of 
opposite electricity, have 
been represented. A, B, C, 
D, E are some equipotential 
surfaces (also called equipo- 
tentials). C, which is the 
median plane between the 
charges, is the zero equipo- 
tential since V=0 at all 
points on this surface. Other 
equipotentials are the loci 
of the relation g/r,;—q/ro 
—constant, in which r, and Fig 27 
r4 measure distances from the centres of the positive and the 
negative spheres respectively. The relation represents hyper- 
boloidal surfaces of which the foci are the centres of the 
spheres. As the complexity of the distribution of charges 
producing the field increases, the equipotential surfaces become 
more complex in nature. 

The following are some of the important facts about equi- 
potential surfaces : 

(i) No work is done in moving a charge from one point to 
another on an equipotential surface. This follews from the defi- 
nition of an equipotential. 

(ii) Lines of force are everywhere perpendicular to an equi- 
potential surface. If it were not so, the field intensity, which is 
tangential to the lines, will have a component parallel to the 
surface. Due to this component a charge would move from 
one point to another on the equipotential with the performance 
of work. But this is contrary to the definition. Hence the 
intensity cannot have a component tangential to the surface, 
i.e., it must be entirely normal to the equipotential. 

(iii) A conductor with a static charge is an equipotential body. 
For if it were not, electricity would flow from points of higherto 
points of lower potential, But this is contrary to the statement 
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that the charge on the conductor is static. All points. on the 
. Surface of the conductor as well as in its interior are at the same 
. potential. Tf there is a cavity inside the conductor all points 
of the cavity will have the same potential as the conductor, 
provided that there is no other charge in the cavity. In the 
absence of a charge there can be no electric field in the cavity 
and hence no potential difference (vide equation 12.6). 

If there is a number of conductors joined metallically to- 
gether and a charge is placed on any one of them, the charge 
will distribute itself over the conductors till their potentials are 
the same. When this equality of 
potential has been reached, there 
will be no further flow of charge. 

That a conductor witha static 
charge is at a constant potential 
may be proved with the help of 
an electroscope. In the next 
section we shall prove that an 
electroscope measures the poten- 
tial difference between its leaves 
and its case. Ifthe cap of an Fig. 28 
eleotroscope be connected by y 
means of a wire to thedisc of a proof plane, and the dise placed 
on the charged conductor, the leaves show a divergence (Fig, 28). 
The divergence remains unaltered as the dise is moved from 
place to place on the conductor. 


To show that the interior of a hollow charged conductor is 
at the same constant potential as the conductor, a wire may be 
wound on an insulating 
handle and one of its ends 
connected with the cap of an 
electroscope. The latter is 
placed at a distance from 
the conductor, When the 
wire is introduced into the 
hollow of the conductor 
(Fig. 29) the leaves diverge. 
The divergence is unaltered 
as the wire is moved about 
Pig. 29 inthe hollow. Even when 

E the wire touches the conduc- 
tor the divergence remains the same, Close to the opening the 
divergence will, however, diminish. Tf the opening is covered 
with a metal lid, the potential is the same at all points inside, 


13. The Electroscope and Potential. 


Weshall now establish an important result that the leaves of 
an electroscope diverge only when there is a difference of potential 
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between the leaves and the metal case of the electroscope. The 
greater this potential difference the greater the divergence. 

We may arrive at the result from the following simple 
experiments : j 

. (i), Connect the metal case of the electroscope to the earth. 
It is then at zero potential. Place a positive charge on the cap 
of the electroscope. This charge gives the dise, the rod and the 
leaves a positive potential. There is thus a p. d. between the 
leaves and the case, as also a divergence of the leaves. — The 
same thing takes place when a negative charge is placed on the 
cap etc. The larger the charge placed the greater the p. d., 
and so also the divergence. 

(ii) Insulate the electroscope. by placing it on a slab of 
paraffin wax. Earth the leaves by connecting the cap by a wire 
to a gas or a water pipe. The leaves are then at zero potential. 
Now place a positive charge on the case ; it acquires a positive 
potential, and a p. d. is set up between the leaves and the case. 
The leaves are found to diverge. The divergence increases 
when a larger charge is placed on the case. The same thing 
takes place when the charge is negative. 


(iii) Take a discharged electroscope and connect the cap and 


the case by means of a wire. Insulate the electroscope as before 


and place a charge on the cap. There will be no divergence of 
the leaves. 

We know that when there is a static charge on a conduetor 
or a number of conductors connected metallically together, all 
of them are at the same potential [vide §12J (iii)]. Hence the 
leaves, the cap and the case are at the same potential. And we 
have seen that there is no divergence in this case. 

We find from the above experiments that leaves diverge 
only when there is a difference of potential between the leaves 
and the case, and the greater the p. d. the greater is the 


divergence. , 
A potential difference implies the existence of an eleotric 
field. Hence there must be an electric field in the space between 
the leaves and the case whenever the leaves are found to diverge. 
Action of an electroscope on the basis of lines of force. 
Let us think of the lines of force in the electric field between. 
the leaves and the case. A line must originate from a positive 
charge and end ona negative charge. Hence, there must be 
opposite charges on the leaves and the case whenever the leaves 
are found to diverge. Since lines of force have a tendency to 
contract longitudinally, we may picture the divergence of the 
leaves as ubi place under the action of this contractile 

tendency of the lines of force. 
on two bodies at a fixed distance apart means 


A larger p. d. t ; 
a more intense electric field between them (vide equation 12.6), 
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In a more intense field there will be a larger number of lines of 
force starting from or ending on the leaves. Hence the leaves 
will experience a larger pull, which will give rise to a larger 


divergence. 
14. Induction and Potential. 


When a positive charge is brought near the cap of a posi- 
tively charged electroscope, the divergence of its leaves increases, 
The case has been earth-connected throughout and hence at 
zero potential. The increased divergence, therefore, means that 
the positive potential of the leaves increases under the action 
of the positive charge brought near the electroscope. If the 
leaves were originally at zero potential, their divergence must 
be due to the positive potential they acquire under the action 
of the inducing positive charge. 

If the inducing charge is negative the potential acquired by 
the leaves will also be negative. Ag the inducing charge comes 
nearer, the divergence increases. Hence the potential of the 
leaves becomes more negative. 

The above observations show that a positive charge induces a 
positive potential (and a negative charge a negative potential) 
on a conductor near it. The potential is called the induced 
potential. The induced potential of the conductor increases as 
the distance between the charge and the conductor diminishes. 
It should be noted that though 


the conductor has acquired a 
potential under the action of D 
the inducing charge, there is no - = = 
excess of charge of either kind : F 
Hm the conductor if it is insula- Fig. 30(a) 
ted, h 

We are now in a position to 
offer an explanation of electric 
induction on the basis of poten- 
tial. Consider a conductor A 
(Fig. 30a) charged with positive 
electricity. It produces a posi- fp: — : 
tive potential at all pointsin the ^D ; 
air surrounding it. This poten- DISTANCE 
tial decreases as we go away Fig. 30(b) 
from A and reaches the value 
zero on the earth, i.e., the walls © 


ete. of the room. Thisisroughly 
indicated in Fig. 30(b). x o - 
The point B (Fig. 30a) in 1 
the air isat a higher potential Fig. 30(c) 
than C, for it is nearer to A which is positively charged. This 
p.d. between B and C tends to cause electrons to move from Cto 
B (from lower to higher potential since the electronic charge is 
negative). But the air is an insulator and does not permit this 


ELECTRICO FIELDS, LINES OF FORCE AND POTENTIAL 245 


flow. When a conductor is placed in the region BC, electrons 
in it flow from C to B, causing C to have a deficit of electrons, 
or to be positively charged, and B to have an equal surplus of 
negative charge (Fig. 30c). 

In spite of opposite charges at B and C, the otential of the 
conductor BC must have a fixed value, since, after the charges 
on it have become stationary, all parts of it must be at the same 
potential, That this uniform potential is a positive potential, 
may be proved as follows : 

Place an electroscope some distance away. Join its cap by 


means of athin wire to the disc 
of a proof plane and place the p 
proof plane on BC (Fig. 31). . 
The conductor BC, the dise of 
A B G 


the proof plane, the wire, the 

cap, rod and leaves of the elec- 

troscope form one conductor. 

Theleavesare found to diverge. 

The divergence remains the — 

same as the proof plane is g4 

moved all over BC. This shows that BC has the same potential 
all over its surface. 

To show that this potential is positive, bring a positively 
charged body near the cap of the electroscope. The divergence 
increases. 

If the charge on A is negative, C is at a higher potential 
than B. Electrons flow from B to C, leaving the end B 
positively charged and charging C negatively. The uniform 
potential of BC is found to be negative. 

If BC is connected to the earth while still under the influence 
of A, it acquires zero potenttial. If Ahad a positive charge, 
electrons flow from the earth to BC to lower its positive 
potential. If BC had a negative potential electrons flow from 
it to the earth. When thus at zero potential BC has an excess of 


charge of one kind on it. 

A. Free and induced potential. An uncharged body not 
subjected to any electrical influence, is at zero potential. A posi- 
tive charge placed on it gives it a positive potential ; anegative 
charge gives it a negative potential. The potential which a 
body acquires due to charge on it, is called its free potential. 
Free potential is directly proportional to the charge. 

We have seen that a conductor under the action of a charged 
body acquires à potential of the same sign as the charge. It is 
called the induced potential of the conductor. A charged body 
will also acquire an induced potential under the action of another 
charge. In the induction experiments described in connection 
with Fig. 30, the potential of A is lowered due to the induced 
negative charge at B. Thecharge at C raises the potential of A. 


246: ELECTROSTATICS 


But B, being nearer to A, exerts a greater influenee on it than 
Cdoes. The potential of A is, therefore, reduced due to the 
presence of the conductor BC near it. If A has a negative 
charge, the effect of BC is to raise this potential. In both cases 
the potential is brought nearer to zero by the presence of the 
conductor. When BC is earthed, the free charge on it will be 
absent. It will then have a more pronounced effect on 4. The 
effects of BC on the potential of A may be studied by connecting 
A to an electroscope. 


While the free potential has the same sign as the charge on 
the body and is directly proportional to it, the induced potential 
is proportional to the inducing charge. There is no necessary 
relation between the charge on the induced body and its induced 
potential, neither in sign nor in magnitude. Thus if BC of Fig. 
30 is connected to the earth when still under the influence of 4 
the charge on BC is negative, but its potential is zero. If 4 had 
a negative charge, BC under the same condition would have a 
positive charge and be at zero potential. We can have a ball 
with a positive charge, and bring near it such a strong negative 
charge as would make the potential of the ball negative. 


B. Factors affecting potential. We are now in a position 
to summarise the factors which affect the potential of a body. 
They are : j 

(i) The charge on the body. Potential is directly proportional 
to the charge, 

(ii) The size of the body. The larger a body is in size, the 
smaller will be its potential due to a given charge. We shall 
consider the point more elaborately in the next chapter. 

(iii) The presence of neighbouring conductors, charged or 
uncharged. An uncharged conductor brings the potential of a 
charged body nearer to zero. The effect increases if the 
conductor is earthed. 

(iv) The dielectric constant of the medium. In a medium of 
dielectric constant k the potential of a body is k times less than 
in vacuum, when other factors remain unchanged, 


C. Induction and lines of force, Whenan insulated conductor 
is placed in an electric field, equal and opposite charges are induced 
on it. The distribution of the lines of force in the original field 
is altered by the presence 


M JL: of the conductor. Fig. 32 
“eR. d {> ni MU dd A id represents a sphere A 
— erm wt¥ charged with positive elec. 
-—-1 I EN = » tricity in whose field the 
A aen zo» insulated conductor BC has 
SEA s M pene soe ETE - ^" been placed. Investigation 

FW». of the distribution of the 


lines of force by the gyp- 
Fig. 32 sum crystal method or any 
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other suitable device, shows that lines of force converge towards 
BC and are more concentrated both on the side facing A and 
on the opposite face. The two faces exhibit charges of opposite 
sign. No lines of force pass through the conductor BC, because 
there is no electrie field inside it, In the absence of BC, lines 
from A would diverge from it radially. 

The attraction between 4 and BC may be pictured as being 
due to the contractile tendency of the lines of force connecting 
them. 

If BC could be separated into two parts, opposite charges 
would appear on them. If two proof planes are placed with 
their dises in contact in an electric field and at right angles to 
the lines of force, equal and opposite charges will appear on 
the dises when they are separated. 

15. Dielectrics. ; 

Nonconductors such as paraffin, glass, rubber ete. are better 
media for an electrostatic field thanairor vacuum. Such media 
are called dielectric media and the materials are called dielectrics, 
When a dielectric is placed in an electric field, the lines of force 
tend to become concentrated 
in the dielectric, as shown 
in Fig. 33. The dielectric 
offers the lines of force a 
better path than the surrou- 
nding air. Intbe case of 
conductors, the charges are 
induced on the surface, and 
the lines of force end there. 


But in the case of a dielec- à 
tric the lines of force pass straight through. The behaviour of 


dielectrics is analogous to paramagnetic substances. An 
elongated dielectrie body tends to align itself parallel to the 
lines of force in an electric field. A dielectric body experiences 
a force tending to move it towards stronger parts of the field, 
No translational force acts on it when it is placed in a uniform 
field. 
There is no analogue of diamagnetism in electrostatics. 
TanrE. Dielectric Constants. 


Fig. 33 


Substance | k Substance | k 
Air (at N,T.P.) | 1000586 Shellac 3—37 
Paraffin wax 2:0—2:3 Sulphur | 36-43 
Dry paper 2:0—?4 | Paraffinoil | 46—48 
India Rubber | 2:1—2:3 Mica 57-7 
Wood 25—27 Flint glass 7-10 
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SUMMARY 


COULOMB's LAW that fat helps us in defining the electrostatic unit 


of charge. If two identical charges repel each other with a force of one 
dyne when placed ata distance of 1 cm from each other in vacuum, each 
constitutes one ABSOLUTE ELECTROSTATIC UNIT OF CHARGE. The dielectric 
constant (k) of vacuum is unity. For air at N.T.P. k=1°000586, 1 e.s.u. 
of charge=2'08 x 10° electronic charges. 1 coulomb=3 x 10° e.s.u, 

An ELECTRIC FIELD is a region where electrostatic forces are perceptible. 
The ELECTRIC INTENSITY at a point in an electric field is the force in dynes 
which a unit positive charge experiences when placed at that point. It 
is a vector quantity and is measured in dynes per unit charge. 


Force=Intensity X Charge. 


The intensity due to a point charge at a distance r from it in a medium 
of dielectric constant k is E=q/kr?. 

An electric field may be represented in terms of lines of force or 
potential. An electric LINE OF FORCE is such a line in an electric field 
that the tangent to it at any point gives the direction of the intensity at 
that point. It is the path which a free, positive point charge would follow 
if it were allowed to move in the field without acceleration. Lines of 
force originate on positive and terminate on negative charges. No two lines 
of force intersect each other. They may be conceived to have a tendency 
to contract longitudinally and to repel each other laterally. Lines of force 
have no real existence, but with their help we can represent an electric 
field and picture the attraction and repulsion between charges. The lines 
may be mapped with gypsum crystals, To represent intensity, we imagine 
as many lines to pass through unit area as the intensity at the point. 


POTENTIAL is a property which a space acquires under the action of 
an electric charge, and in virtue of which work must be done in bringing 
an electric charge up to any point in the space. If is measured by the 
work done by an external agent in bringing unit positive charge from 
infinity to the point. 


Potential at a point or potential difference (p.d.) between two points 
is measured in terms of ergs per unit charge. The practical unit is the 
voit which is 1/300 of the c.s.u. of p.d. Potential difference between two 
points is one volt when 1 joule of work is done in taking 1 coulomb of 
charge from one point to the other. 


Potential due to a point charge is V=q/kr. Potential is a scalar 
quantity. The resultant potential due to a number of charges is the 
algebraic sum of the potentials due to individual charges. 

The intensity at a point has the magnitude and direction of the 
maximum potential gradient at that point, i.e., the intensity at a point 
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isin the direction in which the potential changes most steeply. Along 
a line of force different points are at different potentials. 
Potential energy of charge in an electric field 
=Intensity x charge 
POSITIVE ELECTRICITY} FLOWS FROM PLACES OF HIGHER TO PLACES OF 
LOWER POTENTIAL. NEGATIVE ELECTRICITY DOES THE REVERSE. 


The potential of the earth is arbitrarily taken as zero. 

A surface, all points of which are at the same potential, is called 
an equipotential surface. A conducting surface on which electric charges 
are at rest, is an equipotential. The potential of a hollow conductor is 
the same within the hollow as on the surface provided that there is 
no charge inside the’ hollow. Lines of force are perpendicular to 
equipotentials. 

An electroscope measures the potential difference between its leaves 
and its metallic case. The divergence of the leaves increases as this 
potential difference increases. 

The potential which a conductor acquires under the action of the 
charge on another body is called its induced potential. 'That due to its 
own charge isits free potential. The latter is proportional to the charge 
on the body ; the former, to the charge on the inducing body. Induced 
potential of a body has no necessary relation with the sign and the 


magnitude of the charge on it. 


EXERCISE 

1. State "Coulomb’s law of force between two point charges. Sketch 
briefly how the law may be verified by means of a torsion balance. 

2. Define the electrostatic unit ofcharge. Name the practical unit 
and state the relation between the two units. 

Two charges whose magnitudes are in the ratio 3 : 2 repel each other 
with a force of 150 dynes when at a distance of 4 cm in a medium of 
dielectric constant 6°25. Find the magnitude of each. 

[Ans: 100 and 150 units]. 

3. What is an electric field. Explain the term ‘test charge’ in 
connection with an electric field. 

Define the intensity of a field. What do you mean by the direction 
of a field ? 

Three charges, 3, 4 and 5 positive e. s.u. respectively, and placed at 
the corners of an equilateral triangle whose side is 10 cm. Calculate the 
force on the largest charge. [Ans : "30 dyne). 

4. What are lines of electric force ? What are the properties ascribed 
to them? Have they real existence? How can you map them ? 

Sketch the lines of force in the fields cf two equal charges (a) when 
they are alike and (b) when they are unlike. 
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How can the intensity of an electric field be represented in terms 
of lines of force? How many lines emanate per unit charge in air on 
the above representation ? 

5. Define electric potential and state the unit in which it is expressed. 
Define the practical unit of potential difference. How is it related to 
the e. s. unit ? 

Calculate the potential at a point due to a point charge in air. 

What do you meau by the statement that the potential difference 
between two conductors is 10 e. s. u. ? 

6. What is the relation between intensity and potential? Ifthe 
average intensity between two points A and Bon a line of force is E, 
what is the potential difference between them ? 

The potential of a charged conducting plate is 3000 volts. Another 
parallel metal plate is connected to the earth and is ata distance of 10 cm 
from the former. Calculate the average intensity at a point between the 
plates. [Ans : 1 dyne/unit charge or 300 volts/cm]. 

7. On wbat grounds do you conclude that positive electricity tends 
to flow from places of higher to places of lower potential ? 

Can you give a mechanical analogy of this behaviour of positive 
charge? Does negative electricity behave similarly ? 

8. What are the reasons for taking the earth to be at zero potential ? 
A man with rubber gloves touches the disc ofa charged electroscope. 
What will be the difference if he takes off the gloves before touching ? 

9. What are equipotential surfaces ? How can you show that lines 
of force are perpendicular to equipotentials. 

All points on aconductor with a static charge on itare said to be 
at the same potential How would you justify the statement on theoreti- 
cal as well as on experimental grounds ? 

10. A deep, hollow, metallic can is charged and insulated. An 
insulated uncharged metal ball is lowered into it. Describe the distribu- 
tion of charge and potential on them. 

How does this distribution change when the ball is connected to the 
earth ? 


11. What experiments would you perform to establish the fact that 
an electroscope measures the potential difference between its leaves and 
its case? 

In the experiments of question 10, an electroscope is connected to 
the can. State how its divergence will alter during the experiment. 

12. Distinguish between the free and the induced potential of a body. 

~What are the factors which affect them ? Describe experiments to support 
your statement. 

13. What is meant by saying that the potential ofa conductor is 
-H20e.s.u ? What is meant by the statement that the potential of a 
body is —20 e. s. u. ? How much energy is expended in carrying a charge 
of +30 e. s. u. from a place where the potential is — 10 c. s. u. to a place 
where it is --35 ? Who does this work, the agent or the field ? 

[Ans : 1350 ergs ; the agent.) 


CHAPTER lil 
CAPACITANCE : CONDENSERS 


16. Relation between Charge and Potential of a body: 
Capacitance. 


The potential V of an insulated conduetor due to a charge 
q on it is proportional to the charge. In symbols 
Vag 


or 1, =constant=C (say) (16.1) 

C, the factor of proportionality, is called the capacitance of 
the conductor. Capacitance* of a conductor may thus be defined 
as the ratio of the charge on the conductor to the potential 
acquired by it due to the charge, or as the charge required to raise 
the conductor to unit potential. The units of capacitance are 
discussed in connection with the capacitance of condensers 


(Vide § 18). 
17. Factors affecting the Capacitance of a Body. 


Since the capacitance of a body is equal to the charge 
required to raise the potential of the body by unity, the factors 
which affect its potential must also affect its capacitance. A 
factor which lowers the potential raises the capacitance at the 


same time (see § 14B). 

A. Effect of size and medium. In the case of an isolated 
conductor (i.e., a conductor free from the influence of other 
charges), its capacitance is determined by its size and shape. It 


also depends on the medium in which the conductor is situated. 


In general, it is very difficult, if not impossible, to calculate 
the potential (and hence the capacitance) of a conductor of 
arbitrary shape, charged with a known amount of electricity. It 
is however quite easy to do so when the body is a sphere. We 

llustrate the effects of the size and the medium 


shall therefore i ^ 
on the capacitance of a body, taking a sphere as our example. 


Capacitance of an isolated spherical conductor. The charge 
on a conducting sphere, away from the influence of other 
charges or conductors, is distributed uniformly over its surface. 
Since there is no field inside the conductor, all points on and 
within the conductor are at the same potential (vide § 12E). 
Hence the potential at any point on the surface of the sphere 


is the same as that at the centre. 
* Formerly the term capacity was used for capacitance. Some 


authors still use it. 
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In calculating the potential at the centre of the sphere, we 
may consider that there is only a thin layer of electric charge 
at rest in equilibrium on the same surface as that of the sphere 
and that the space inside is filled with the same dielectric as 
outside. Then the potential at the centre due to a small portion 
q' of the charge is 


ae 
kr 
where k is the dielectric constant of the medium and r the 


radius of the sphere. The potential due to the entire charge is 
the sum of the potentials due to each portion of the charge. 


y 


(LX oq 
por: asi kr kr 


where q is the total charge on the sphere. Hence the capaci- 
tance C of the sphere is given by 


C = Thr (17.1) 


This equation represents simultaneously the effects of size 
and medium on the capacitance of an isolated sphere : 
Capacitance of an isolated sphere is (i) proportional to its 
radius and (ii) proportional to the dielectric constant of the 
medium in which it is placed. In air k is practically equal to 
unity. Hence we may say that 


The capacitance of an isolated spherical conductor placed in air 
(more strictly, in vacuum) is numerically equal to its radius. 


Capacitance of a conductor increases with its area, 


The effect of the area of a conductor on its capacitance may 
be demonstrated as follows. A metal foil A may be kept rolled 
round an insulated roller 

^ R, or a part of it may be 
unrolled and kept stretched 

by means of the metallic 

roller R, and a load W if 

necessary. The foil is con- 

nected through R, to a 

distant gold leaf electros- 

cope by means of a long 

= wire. It is fully rolled up 

P» and given a charge. The 


3 ele pe showsa diver- 
gence depending on the potential to which 4 has been charged. 


As A is gradually unrolled the divergence of the leaves diminis- 
hes showing that the potential of A is lowered as more and more 
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of it is unrolled, ie. with the increase in the area over which 
the charge is spread. But since the charge on A is unaltered, 
its capacitance must have increased with increase in area, 


B. Effect of neighbouring conductors. The capacitance of a 
conductor is affected by the presence of other conductors in its 
neighbourhood. It is, therefore, not possible to associate a 

“fixed capacitance with a conductor when other conductors are 
present. 


. We shall illustrate this point by consider- 
ing the case of what is known as the conden- l c 
sing electroscope. It consists of an ordinary 


gold leaf electroscope of which the cap has 
been replaced by arelatively large metal plate 
C, (Fig. 35). There is another similar plate 
C, provided with an insulating handle. This 
plate is used in conjunction with the electros- 
cope. 


When C,ischarged, the divergence of the = 
gold leaves serves to measure its potential Fig. 35 
(vide § 10). If now C, is connected to the 
earth and brought near and parallel to C,, the divergence of the 
gold leaves becomes appreciably smaller. As C; is brought nearer 
to C,, the divergence of the leaves diminishes more and more. 
This proves that the potential ofthe charged plate C, has been 
diminished by the presence of the second plate C,. Since the 
charge on C, has not changed, its capacitance must have 
increased due to the proximity of C,. When C, is removed, the 
divergence is restored to its initial value. 


1f C, were not connected to the earth the effect will be less 
pronounced. 


We thus conclude that the capacitance of a conductor is in- 
creased by the presence of a neighbouring conductor, especially 
so when the latter is earthed. 


The reason for it is not far to seek. The charge on C, in- 
duces on C, an opposite charge, while the free induced charge on 
C, escapes to the earth. The bound chargeon C;, being of oppo- 
site sign, reduces the potential of C,. Ifthe free charge were not 
allowed to escape, it would oppose the effect of the bound charge. 
But since the free charge is always further away than the bound 
charge, the former will not be able fully to compensate the 
effect of the bound charge. Hence the mere presence of an 
uncharged conductor will always lower the potential of a charged 
conductor and hence increase its capacitance. 
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18. Condensers (or Capacitors), 


Any contrivance by which the capacitance of a conductor 
can be increased is called a condenser (or capacitor), Two insu- 
lated conductors separated by a dielectric constitute an electric 
condenser. They are ordinarily constructed to have the same 
geometrical shape. Both may be in the form of square, rectan- 
gular or circular plates and placed parallel to each other. Such 
an arrangement is known as a parallel plate condenser. When 
they are in the form of concentric spherical shells, the arrange- 
ment is called a spherical condenser ; when they form concentric 
cylindrical shells, the arrangement is a cylindrical condenser. 


In the case of condensers formed by geometrically similar 
conductors, it is possible to assign a definite capacitance to the 
combination. Its value depends on the geometry of the arrange- 
ment (i.e., the size and the distance apart of the conductors)and 
on the dielectric separating the two. The conductors are ordina- 
rily arranged to have equal and opposite charges. 'This condition 
is brought about by earthing one of the conductors or so arrang- 
ing them that the induced free charge moves to remote places. 


Condensers are used for the storage of charge. The capaci- 
tance of a condenser is defined as the ratio of the charge on one + 
of the conductors to the difference of potential between the 
conductors, 


: If C=capacitance, Q=charge and V —potential difference, 
then 


Cw g (18.1) 


It should be realised that capacitance is not the amount of 
electricity a condenser can hold, but rather the charge that it 
requires to set up a potential difference of one unit between its 
plates. The actual charge on it is given by 


Q=CV 
or charge — capacitance x potential difference, 


Units of Capacitance. As in the case of charged bodies, the 
units are obtained by making each quantity equal to unity in 
equation 18.1. Since an electrical quantity may be measured 
in any one of the three systems of units in vogue, viz., (i) the 
electrostatic, (ij) the electromagnetic and (iii) the practical 
systems, there will be three units of capacitance, 


*The term capacitor is gradually replacing the term condenser in present- 
day literature, though the term condenser is stil! widely used. 

t When the plates of a charged condenser are joined together by a wire, 
electrons from the negative plate move through the wire to the positive 
plate and neutralise the - bl latter. The two plates have equal 
and opposite charges. The c that we can utilise is that of one 
plate only. 
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(i) In the electrostatic system, the unit of capacitance may 
be called the statfarad. It is defined by the relation 
l e.s.u. of charge 
l e.s.u. of p.d. 


1 statcoulomb 
or, 1 Statfarad = lstatvoh o o 


l e.s.u. of capacitance = 


The statfarad or the electrostatic unit of capacitance is the 
capacitance of a condenser in which a charge of one electros- 
tatic unit on either conductor causes a potential difference of 
one electrostatic unit between the conductors. It is a very 
small quantity. A sphere of radius one centimetre has a 
capacitance of one statfarad. Since the capacitanceof a sphere 
in vacuum is numerically equal to its radius, the statfarad is 
also expressed in centimetres. A capacity of 10 cm means 10 
statfarads or electrostatic units of capacitance. 

(ii) In the electromagnetic system, the unit of capacitance may be 
called the abfarad (abbreviation of ‘absolute farad’). It is defined by 


the relation 


1 abfarad=; 1 e.m.u. of charge 1 abcoulomb 


e.m.u. of potential difference 1 abvolt 

and is the capacitance of a condenser in which a charge of one electro- 
magnetic unit causes a potential difference of one electromagnetic unit 
between the conductors. It is a very large unit, because the abcoulomb 
is a large unit while the abvolt is a very small one. 

(iii) The practical unit of capacitance is the farad. A con- 
denser, in which a charge of one coulomb on either conductor 
causes a potential difference of one volt between the conductors, 
is said to have a capacitance of one farad. 


1 coulomb 
1 farad= Qd 


Relation between the farad and the statfarad : 
We have 1 coulomb=3 x 10° statcoulombs, 


1 
l volt-— 300 statvolt 


1 farad 1 coulomb _ 3x 10° statcoulombs 
arae=T volt 1/300 ~ statvolt 


=9x10"* statfarad. 
1 microfarad (uf ) —107* farad=9 x 10° statfarads. 


1 pieofarad (pf)=10-** farad=0°9 e.s.u. 
19. The Principle of the Condenser. 


Fig. 36 represents a metal plate A joined to the positive 
pole of a battery (See Current Electricity, Chap. I, § 8) or of 


Part II—17 
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a Wimshurst machine (See Chapter IV, Electrostatics, § 28). 
The battery or the machine is to be looked upon as a device 
capable of supplying electric charge at constant potential. It 


"E | | 
La & t, EE - + Fass; + + 


—— sre “ec 
Fig. 36 


causes positive electricity to flow from the pole of the battery 
or the machine to the plate, till the plate acquires the same 
potential as the pole. The flow then ceases. 


Place another plate B near 4. B is charged by induction 
asshown. The negative charge on B lowers the potential of A, 
while the positive charge on it raises the potential. But the 
latter charge being farther away cannot fully compensate the 
lowering due to the former. The net effect of the proximity of 
B is to lower the potential of A. The potential of 4 having 
fallen below that of the pole, more charge flows from the pole 
into A. 

When B is connected to the earth the induced free positive 
charge escapes. As the compensating effect of this charge on 
the potential of A ceases, the potential is considerably lowered. 
Much more charge then flows from the pole into A. Due to the 
presence of the earthed plate B, A can hold a much bigger 
charge than when acting alone. This combination of A and 
B constitutes a condenser. 


The closer B is to A, the greater will be the lowering of 


potential. Hence the capacitance of the condenser will increase 
as the conductors are brought nearer together. 


20. Factors affecting the Capacitance of a Condenser, 


The capacitance of a condenser depends on (i) its size, (ii) 
the distance between the conductors and (iii) the nature of the 
dielectric separating the conductors, 


Effect of size. It is clear that a conductor of larger size will 
require a bigger charge to come to a certain potential than a 


smaller one. Hence the larger the plates of a condenser the 
higher its capacitance, 


Effect of distance, In the last paragraph of § 19 we have 
seen that the nearer the plates are, the bigger will be the 
capacitance. 

Effect of dielectric. Earlier we have seen that dielectrics 
such as glass, wax, mica etc. allow inductive influence to take 
place through them better than air or vacuum, They have a 
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higher dielectric constant. So with one of these dielectrics 
between the plates, the inductive effect of one plate on the other 
will be greater than when the plates are in air. The loweri 
of potential will then be greater ; hence the capacitance will 
increase. 


Demonstration of the effects of distance and dielectric. 


The effects of distance and dielectric can be easily demons- 
trated by means of the arrangement represented in Fig. 37. P, 
and P, are two insulated metal plates the distance between 
which may beadjusted. P, is connected to theearth and P, toa 


Fig. 37 


leaf electroscope. Pz, is charged by connecting it for a 
Baile with one pole of a Wimshurst machine or a battery. The 
gold leaves show a divergence which depends on the potential 


of Ps. 

To show the effect of distance, take airas the dielectrie and 
bring P4 gradually nearer to Pi: The divergence of the leaves 
diminishes as P, comes nearer, Thisshows that the potential of 
Ps diminishes as P, approaches it ; hence the capacitance 


increases. 

To show the effect of different dielectrics on the capacitance 
of a condenser, place P, at a short distance from P, and keep 
this distance constant throughout the experiment, Charge P, 
as before. Now insert slabs of different, dielectrics between P; 
and P and note the effect of each on the divergence of the leaves, 
When a slab is inserted the divergence diminishes. The diver- 
gence is restored when the slab is removed. If we take different 
thicknesses of the same dielectric, we find that the thicker slab 
reduces the divergence (hence the potential P,) more than a 
thinner one. Moreover, a dielectric of higher dielectric constant 
but of the same thickness reduces the divergence more than one 


of a lower value. 
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Clearly, the insertion of a dielectric between the plates of a 
condenser increases its capacitance. In fact, this behaviour of a 
dielectric has been taken advantage of in defining its dielectric 
constant. The dielectric constant of a medium is defined as the 
ratio of the capacitance of a condenser having the given medium 
as the dielectric separating the plates to its capacitance when the 
dielectric is a vacuum. 


21. Different forms of Condensers. 


Condensers may be of various forms and designs, some of the 
most common being the parallel plate condenser, the spherical 
condenser and the cylindrical condenser (vide § 18). 


The Leyden jar. One of the earliest forms of condensers is 
the Leyden jar, named after its place of invention (1745) in 
Holland.* Tt is a glass jar (V, Fig. 38), bottom and the sides 
(to about three quarters of the height) of which are coated inside 
and outside with tin-foil. The inner and the outer tin-foils (Mı 
and M, of Fig. 38) form the two ‘plates’ of the condenser with 
glass as the dielectric separating them. A brass knob K is 
attached to one end of a brass rod R passing 
through an insulating lid S fitting the mouth 
of the jar. Electrical communication be- 
tween the knob and the inner coating of tin- 
foil is made by a short length of brass chain 
hanging from the rod. e outside of the 
jar may be coated with shellac varnish to * 
reduce the leakage of eleotricity. 

Charging a Leyden jar. The jar is charged 
by holding the outer coating in the hand, 
thus connecting it with the earth, and bring- 
ing the knob into contact with one of the 
terminals of an electrostatic machine, say, 
a Wimshurst, Fig. 38 shows the nature of 
the charge on the foils when the knob is connected to the 
negative pole of the machine, The inner coating acquires a 
negative charge. This charge acts inductively on the outer 
coating, and, since this is connected to the earth, the induced 
positive charge is held on the outer foil while the free negative 
charge escapes to the earth. 


Discharging a Leyden jar. To discharge a Leyden jar a pair 


of tongs, known as discharger or discharging tongs (Fig. 39), may 
be used. It consists ofa jointed brass rod provided with an 


* The principle of the Leyden jar followed from an accident. In an 
attempt to store electricity in fairly lar, quantities a monk called Von 
Kleist electrified a bottle of water. He ppened to have one hand 
touching the outside of the bottle and the other in contact with the water 
in it. The painful shock he received from the bottle focussed his attention 
on the effect and led ultimately to an understanding of the action of the 
Leyden jar. 
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insulating handle. One of the knobs should first be laid against 
the outer coating, and then the other gradu- 
ally brought near the central rod of the jar. 
If the jar is charged, a bright spark will 
pass between the kind of the jar and that of 
the discharger close to it. 

The capacitance of a Leyden jar depends 
on its size and the thickness of the glass. 
Increasing the size or diminishing the thick- $ 
ness increases the capacitance. The charge Fig. 39 
stored in it depends both on its capacit- 
ance and the potential difference between the foils ; it is equal 
to the product of the two. A large Leyden jar charged by an 
electrostatic machine may give a dangerous shock if the two 
foils are touched with the two hands,* 


The Spherical Condenser. It consists of two concentric 
spheres insulated from each other (Fig 40). The outer one is 
earthed and the inner one may be charged 
by means of a knob which is conductingly 
connected with it, but is insulated from 
the outer sphere. 

Let the inner sphere be charged with 
an amount of electricity, say--Q. It will 
induce an equal and opposite charge on 
the inner surface of the outer sphere ; the 
induced free charge will escape to the 
earth. 

Let r, be the outer radius of the inner 
sphere and r, the inner radius of the outer 
sphere. The charges reside on these 

Fig, 40 surfaces. The potential of the inner 

sphere due to its own charge is Q/r,. 

But the potential at all points inside the outer sphere, due to 

the induced charge on its interior, is —Q/r;. Hence the actual 
potential of the inner sphere is 


Since the outer sphere is earthed, V gives the potential 
difference between the two spheres. Hence, the capacitance 
Q zc i -— 1 Cisi, 21.1 
C=7-=0+0(- opal (21.1) 
If a dielectric of constant k completely fills the space between 
the spheres, the capacitance increases k times. In that case 
Ca Fara (21.2) 
Te—ly 
* There is a record of the discharge from a big jar passing through a 
rank of 180 soldiers making them all jump at once. 
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If r, and r, be in centimetres, C will be electrostatic units 
(or statfarads), 


The Parallel;Plate Condenser. In its simplest form a parallel 
plate condenser consists of two insulated metal plates placed 
parallel to each other at a short distance apart with a dielectric 
separating the two. The plates have the same size; 


It may be charged by connecting the 


A e plates to the two poles of a battery or of 
+ = an electrostatic machine, orby connecting 
mme one plate to one pole of any of the former 
M a and earthing the other plate. When 
They Terre charged the plates acquire equal and opp- 
ie S site charges. The potential difference 
& between them is that between the poles 


of the battery or the machine which 
+ c +. charged the condenser, or that between 
e-d- -e = the charging pole and the earth. 


Fig. 41 Fig. 41 represents a parallel plate 

condenser. The plates A and Bare at a 

distance d. The sign of the charge on any plate depends on the 

pole to which it is connected during charge. The electric ficld 

between the plates is uniform except at the edges. ` The lines of 

foree are perpendicular to the plates and run parallel to each 
other between the plates, The capacitance C is given by 


ied (21.3) 


where k — dielectric constant of the medium between the plates, 
and A — area of either plate. 


A simple proof of the relation may be given as follows : 


Let V be the potential difference between the plates. Then 
V units of work must be performed in carrying unit charge 
from one plate to the other. Since the electric field is uniform 
and at right angles to the plates, the force on unit charge is 
E=the intensity of the field and the work done in moving unit 
charge from one plate to the other is Ed 


V=Ed 


Let « (pronounced ‘sigma’) be the charge per unit area on 
either plate. Since 47 lines emanate from unit charge, the 
number of lines passing through unit area of the field is 47c. 
But this is also equal to the intensity E of the field, 

V—Edz4zed 
1 


* 1 v 
The capacitance per unit area = Pr 
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If A is the area of either plate the total capacitance is A/4xd, 
This result is trae for a vacuum. If there isa dielectric of 
constant k between the plates the capacity is kA /4xd. 


Alternative Proof: Capacitance of a Parallel Plate Condenser. 

. Ifthe 
radii of the spheres of a spherical condenser are nearly equal, then their 
difference r,—r,=d will be small compared with F, Ot r,.. The capacitance 
then becomes 


C-tan itd) nt approximately, 


The capacitance per unit area of the condenser is therefore 


kri”. 
s mnm E This shows that the capacitance per unit area is 


independent of the radii of the spheres when the distance between the 
spheres is very small compared with their radii. 

The plates of a condenser may be looked upon as forming parts of two 
concentric spherical surfaces of very large radii, the diference of radii 
being d, the distance between the plates. Hence the capacitance per unit 
area of a parallel plate condenser is kj4wd. If each plate has an area A, the 
capacitance is C=kA/47d. 


Condensers with only one pair of plates will have a small 
capacitance. Compact condensers 
of larger capacitance are construc- 
ted of alternate sheets of tinfoil 
(thick lines in Fig. 42) and para- 
fined paper or mica, Alternate 
tinfoils are connected together 
and form one terminal of the 
condenser. In the figure A and B Fig. 42 


are the two terminals. For capa- 
citances of the order of luf, mica is the best dielectric since it 


may be split into very thin sheets. The capacitance is 
increased by the total effective area of foils. n such foils form 
between them n-1 condensers ‘in parallel’ (824). 

A type of variable parallel plate air condenser (air as dielec- 
tric) is largely used in wireless work and is represented diagram- 
matically in Fig. 43(a). It consists of two sets of brass or 
aluminium plates, one set being fixed and the other set mov- 
able. The plates are parallel and have air spaces between them. 
Plates of each set are joined to one terminal of the condenser. 


MÀ 
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The fixed set is semicircular in shape and the movable set has 
the shape of half a heart (Fig, 435). The movable set can be 


} | 
VLU LLM MMMM MM 


Fig. 43(a) Fig. 43(b) 


rotated ‘into’ or ‘out of’ the spaces between the fixed plates, 
As the former moves more and more into the latter, the capa- 
citance increases owing to increase in the effective area. To get 
a maximum of capacitance in a minimum of space, another class 
of condensers, known as electrolyte condensers,has been devised. 
The dielectric in these condensers is an extremely thin layer of 
aluminium oxide, about one or two molecules thick. The 
capacitance is therefore very large. 


Capacitance of a Leyden jar. The tinfoils over the curved 
sides of the jar actually form a cylindrical condenser. But as 
an approximation we may take it to be a parallel plate one. 
The bottom forms a parallel plate condenser. The total capa- 
citance is the sum of these two. 


If r is the mean radius of the curved wall, h the height of 
the tinfoil, d the thickness of glass aud k its dielectric constant, 
the capacity of the cylindrical parte k2xrh/4xd and that of the 
circular bottom —Kar? /4xd. 


s- 
The total capacitance =k [2^ 


22, Potential Energy of a charged Conductor or Condenser. 


When an insulated conductor, originally without charge and 
at zero potential, is charged, its potential increases uniformly 
from the initial value zero to the final value V. If at any instant 
the potential of the conductor is v and a very small charge q 
is placed on it, the work that has to be done, will be vq. Since 
the potential rises uniformly from zero to V during the charge 
we may assume that the entire charge Q on the conductor has 
been moved through an average potential difference of V/2, 
The work so done appears as the potential energy of the charge. 
The electric field set up round the charge is assumed to be the 
seat of this energy. 
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The energy of the charge is given by 
V 2 
W=ox Fai0Vaicv=3% (22.1) 


Here C is the capacitance of the conductor. 


In the case of a condenser we may assume its charging to 
be due to the transference of a charge Q from one plate to the 
other. During this process the potential difference increases 
uniformly from 0 to V. As before we may assume that the 
charge has been transferred under an average potential difference 


of V/2, whence the work 
oh ee ese ET 
W=QxX5=5 QV—5 CV m C 


Here C is the capacitance of the condenser and V the 
potential difference between the plates. The energy of charge 
resides as potential energy in the field between the condenser 
plates. 

If Q, V and C are in e.s.u (i.e. in statcoulombs, statvolts 
and statfarads respectively) W will be in ergs. If Q, V and C 
are in coulombs, volts and farads respectively, W will be in 


joules. 

When a conductor or a condenser is charged, the charging 
apparatus supplies energy to it. When it is discharged, its 
potential energy is changed into the energy of the electric 
current set up and thereby into heat. Such terms as the energy 
of a charge, the energy of a charged body and the energy of an 


electric field are synonymous. 


23. The Seat of Electric Energy. 


We have just now said that the potential energy of charge 
resides in the electric field. Since the dielectric surrounding 


(c) 
(a) (b) 


Fig. 44 


eat of the field, it must also be the seat of 
ranklin showed that when a Leyden 
lenergy is stored in the glass. The 


the charge is the s 
the electrical energy. F 
jar is charged the electrica 
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jar he used had detachable coatings as shown in Fig. 44. M, 
is the outer metal coating, V the glass vessel and M; the inner 
metal coating connected rigidly to the knob K and shown 
separately in Fig. 44(c). 


The jaris assembled and then charged. M, is carefully 
lifted by means of insulated tongs and then V. On testing M; 
and M; no charge could be found on them. Yet when the jar 
is reassembled, a vigorous spark may be obtained by joining M, 
and M,. 'This shows that the energy is stored in the glass 
between the metal coatings. The charge creates strain in the 
glass ; if the glass is thin and the charge high, the strain set up 
may fracture the glass. 


Some time after the first spark has passed, a second spark 
may be obtained by joining the metal coats ; but this will be of 
much lower intensity than the first. This shows that electricity 
does not reside on the surface of the glass but penetrates into 
it. This finding is confirmed by allowing X-rays to fall on the 
glass after dismantling the jar. X-rays have the property of 
removing charges from a surface. On reassembling the jar 
after radiation with X-rays, a spark may still be obtained, 


24. Condensers in Series and in Parallel. 


When a group of condensers are so joined together that 
the negative plate of the first is in conducting connection with 
Q R *0 a ^ «© the positive of the 


second, the negative 
A B cHe 1D t F of the second with 
5 o the positive of the 
third and so on, they 

M b^ Vv 


are said to be conne- 

=  cted in series (Fig. 

Fig. 45 45). Whenall the 

positive plates of the group are joined together, and so also all 

the negative plates, tho condensers are said to be connected in 
parallel (Fig. 46). 


Capacitance of Condensers in Series. Fig. 45 shows a group 
of condensers (of capacitances C 1: Cs, Cy) connected in series. 
Let the plate A be given a charge of +Q while the end plate F 
is earthed. In the process the group of condensers is charged in 
the same way as a single condenser, The charge +-Q on A 
induces a charge — Q on B. C therefore acquires a charge -+Q 
and induces a charge —Q on D. Carrying on this process of 
induction till the last plate is reached, we find that cach in- 
dividual condenser has the same charge on its plates ; but they 
are of oppositesigns. Let Vi, Va, V, be the potentíal differences 


CAPACITANCE : CONDENSERS 265 


between the plates of the condensers separately and V that 
between the end plates. Obviously, 
V=V,+V,+V, 
If C is the combined capacitance of the group, V=Q/C. 
Further V, — Q[C;, V4 — Q/C, and so on. 


PICS PIE hys (24.1) 


Thus, the reciprocal of the combined capacitance of a group 
of condensers in series is equal to the sum of the reciprocals of 
the individual capacitances. The result applies to any number 
of condensers in series. 

It follows from equation 24.1 that the combined capaci- 
tance of the group is smaller than the smallest of the capaci- 
tances in the group. Using condensers in this manner serves 
the same purpose as increasing the thickness of the dielectric. 
The arrangement therefore offers greater dielectric strength. 


Capacitance of condensers in parallel. Fig. 46 shows a 
number of condensers ( of capacitances C,, Ce, Cg) connected 


in parallel. They are > x 
charged to the me "TR. a as 
difference of potential i SRF 


V. If O Osm Qs be- - 
the charges on the Fig. 46 
condensers, then the total charge on the positive plates of all 


the condensers is 


Q=0,:4+0-+Qs. 
If C is the combined capacitance, then Q—CV. 
Further Q, = CV, Qs = C,V and Q,2C,V. 
CV—C,V4-C,V4C;V. 
or C=C, 4 C,4- C; (24.2) 
Thus, the combined capacitance of condensers in parallel is 
the sum of the separate capacitances, The result applies to any 
number of condensers in parallel. The arrangement is equi- 
valent to using one condenser with a larger plate area. 


266 ELECTROSTATICS 


25. Loss of Energy on sharing of Charge. 

When two conductors or condensers, charged to different 
potentials are connected together (in the case of condensers in 
parallel), positive charge flows from the one at the higher 
potential to the one at the lower potential. The flow of 
Positive charge reduces the potential of the body from which 
it flows and raises the potential of the other. Soon both 
acquire a final common potential, and then the flow ceases. 

The total energy after the equalisation of potential is not 
the same as before. A loss of energy takes place during the 
Process. This loss is equal to the energy of the spark or of the 
flow of charge which accompanies the process. It is finally 
dissipated as heat. 

Let c, and c, be the capacitances of the two bodies, 

Y, and v, their potentials, and 
qı and q, the charges on them. 

Let v be the final common potential which they acquire 
after connection. 

The total charge on them =li +ga =C, V,+ Cava. 

Their combined capacitance=c,+¢, 


-. The common potential y= T etater 
Le 
The total initial energy = (e2) 
Cy Ca 
The final energy - i capacitance x (potential)? 


ex qa ta eats (41 +42)? 
Veste) ERS = 60 
Initial energy — final energy 


=i bs 428^ — (qi zx" acs 7 0363)? 

Cy Ca Citces €1€9(Cy -- € 9) 
In this expression the numerator is a perfect square and the 
denominator cannot be negative. The final energy is therefore 


always smaller than the initial energy. In other words, when 


a body shares the charge on another body, there is always a 
loss of energy. y 
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26. Measurement of Dielectric Constant. 


The following method of measuring dieleetric constant of 
specific inductive capacity is due to Faraday. A and B (Fig. 47) 
are two hollow concentric brass spheres and make 
up a spherical condenser. B is made in two detach- 
able halves and is kept earth-connected through- 
onti = m A is metallically connected 
to the knob K, the suspension passing through 
an insulating plug of shellac. The space between 
the spheres contains the experimental substance, 
If it is a gas, air is pumped out of the = oe 
through the tube running into the base. It is 
then filled with the gas. ‘The stop-cock P opens 
or closes this tube at will. 

Two exactly similar condensers are taken, one 
of which is filled with air and the other with the 
experimental substance. The air condenser is 
then charged and the potential (V) of K measured 
(remember that B is earthed). It is then made 
to share its charge with the other. The common y 
potential (V) of the inner spheres isthen measured. Fis 4 

Let C be the capacitance of the air condenser and C' that 


ofthe other. Then 
V=Q/C and V’'=Q)(C+C’) 


whence  CV=(C+C)V' or ca c 


í A GO A 
.. Dielectric constant k =% y 


271. WORKED EXAMPLES 
(1) A spherical conductor of radius 5 cm is charged with+80 e. s. 
units in air. Find the potential (a) of the sphere, (b) at a point 11 cm 
from its surface. 
Solution: The capacitance of the sphere=its radius=5 e. s. u. 


cha 80 
*. Its potential ane =+ 7“ +16 e. s. u. 


For external points a sphere behaves as if its charge were concentrated 
at its centre. 
.*. Potential at 11 cm away from its surface 
= charge 
distance 
(2) What is the potential, in volts, of a sphere of 20 cm radius when 
charged with (a) 30 statcoulombs, (b) I mircro-coulomb of electricity ? 


v lem 
1145 =) C. 8. U. 
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Solution : (a) Here capacitance=20 e. s. u. or 20 statfarad 


n" Potential harge — 30 aeatcoulombs _ 1.5 statvolts (or e.s.u.) 


Now 1 statvolt— 300 volts. 
+". Potential— 1:5 x 300— 450 volts. 


' 1X10-* coulomb 3X 10* statcoulombs 

M) Potential = 35 statfarads| 7 — 20 atatfarads. 

=150 statvolts=150 x 300 volts. 

(3) 10 metal plates form a condenser with mica (k=7) as dielectric. 
1f each plate is 30 centimetres square and the thickness of mica is *1 mm, 
what is the capacitance of the condenser ? 

Solution : The ten plates form between them 9 condensers each with 
A=30 cm X 30 cm=900 cm?, d="1 mm—'01 cm and k=7. 


kA 7x900 
4 The capacitance=9x 577 79 X 74x3 1401 


—451X10* e. s. u. ( or 0501 H f). 
(4) The capacitances of three condensers are 1, 2 and 4 K f, respec- 


tively. What is their combined capacitance when they are connected 
(a) in series, (b) in parallel ? 


Solution: (a) The combined capacitance when they are in series is 


given by 


1 
Galtiti=74 
4 
Ca bf 
(6) The combined capacitance when they are in parallel is 
C=1+2+4=7Ņ4f. 


(5) A condenser of capacitance 1000 e. s. u. is charged to a potential 
difference of 6000 volts. Find its potential energy, 


6000 
Solution : 6000 volts=— 35g =20 e. 8. u. of potential difference 
*. Energy=} capacitance x (potential)? 
=4 x 100020" ergs=2x 10° ergs 
='02 joule, 

(6) An isolated conducting sphere of 10 cm radius having a charge of 
40 units is connected by a long, thin wire to another isolated, uncharged 
conductor of 1cm. radius. Find the resulting potential and the loss of 
energy. 

Solution : Total charge=40 e. s. u. 

Total capacitance 10-- 12511 e, s. u. 
*'« Common potential 40/11 = 3°64 e. s, u. 
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charge? *40* 


Initial energy=} X — = io = 80 ergs. 


capacitance ET 
Final energy — 3 X charge x potential 
=$xX40X $2=72°73 ergs. 


+". Loss of energy — 7:27 ergs. 


SUMMARY 


Capacitance (or Capacity) of a conductor is the charge required to raise 
the conductor to unit potential. A sphere of | cm. radius has a capacity 
of 1 e. s. unit. 

Factors affecting the capacitance of a body are (i) its size, (ii) the 
medium in which it lies and (iii) the presence of neighbouring conductors. 
Any contrivance by which the capacitance of a conductor can be increased 
(i.e., a larger amount of charge stored on it) is termed CONDENSER (or 
CAPACITOR). This is generally achieved by the presence of an earthed 
conductor nearan insulated one. Any two insulated conductors placed 
near each other and separated by a dielectric constitute in principle a 
condenser. 

The capacitance of a condenser is defined as the charge required to 
produce unit difference of potential between the plates of the condenser. 

The capacitance of a condenser depends upon (i) its size, (ji) the 
distance between the conductors, and (iii) the nature of the dielectric 
separating the conductors. 

Units of Capacitance : Electrostatic unit of capacitance is 1 statfarad, 
which is also expressed as 1 cm. This is equal to 

1 e. s. u. of charge _1 statcoulomb 
le.s.u.ofp.d. lstatvolt 
The practical unit of capacitance is 1 farad Coulomb d 

The common forms of condenser are the (i) Leyden jar, (ii) the 
parallel plate condenser, (iii) the spherical condenser and (iv) the cylindri- 
cal condenser. 

Potential energy of a charged conductor or condenser is given by 
the expression } CV*—10V—10Q"/C ergs 

where V=potential of the conductor or p.d. between the two plates 

of the condenser, 
Q=amount of charge present, and 
C- capacitance, all expressedfin e. s. units. 
The seat of electrical energy in a condenser is the dielectric separating 
the two conductors. 

Grouping of Capacitances : (i) When connected in series the reciprocal 
of the combined capacitance is equal to the sum of the reciprocal of 
the individual capacitances, 


Pr 


Dag, 


4 


zs 
C, 


1 


tete 
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(ii) When in parallel the combined capacitance is equal to the sum of 
the individual capacitances 
C=C,+C,4+C,+.. 
The dielectric constant or specific inductive capacity of a medium 
isthe ratio of the capacitance of a condenser having the given medium 
as the dielectric separating the plates to its capacitance when the 
dielectric is a vacuum, 


etm 


EXERCISE 


1. Define the electric capacitance of a conductor. Describe simple 
experiments illustrating the effects of different factors on which the 
capacitance of a conductor depends. 

2. Obtain an expression for the capacitance of an isolated sphere. 
How does the presence of (i) an earthed conductor, (ii) an insulated 
conductor affect its capacitance ? 


3. What is an electric condenser? Explain its principle of action. 


State the units in which capacitance may be expressed. Obtain the 
relation between the farad and the electrostatic unit of capacitance. 


4. What is a spherical condenser? Find an expression for its 
capacitance. Hence show that the capacitance ofa parallel plate con- 
denser is directly proportional to the area of a plate and inversely propor- 
tional to the distance between the plates. 

If both plates of a condenser are insulated, will it affect the 
capacitance ? 

5. Describe a Leyden jar. How can it be charged ? Where does the 
charge reside in a Leyden jar? What are the effects of (i) the size of 
the jar and (ii) the thickness of glass on the capacitance ? 

6. Show that the energy of a charged conductor is } QV where 
Qisits charge and V its potential. What *becomes of this energy when 
the condenser is discharged ? 


7. Two charged conductors are at different potentials. Show that 
a loss of energy occurs when they are joined together, 


8. How are condensers connected (i) in series, (i) in parallel ? How 
do their capacitances add up in the two cases ? 


9. A sphere, 10 cm in diameter, is charged with 50 e. s. units of charge 
and placed in contact with an insulated tin can. The common potential 
after contact is 5 c. s. units, Find the capacity of the can. 

[Ans.: 5e. s. units] 

10. Define the farad. 


(a) A conductor of capacity 10 #f is charged to 85 volts. Find its 
charge in coulombs. 
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(b) 10-* coulomb raises the potential of a condustor by 300 volts. 
Find its capacity in pf. 
(c) A condenser of capacity 20 uf has a charge of 107* coulomb. 
Find its potential in volts. (Ans. : (a) 85x 107* ; (5) 3 ; (c) 50:0] 
1l. Asphere ofradius 10 em is charged with 3000 e.s. units. Tt is 
then connected with a distant of radius 15 em by means ofa thin 
wire. Find 
(a) the resulting potential, 
(b) the charge transferred to the other sphere, 
(c) theenergy of the original charge (in joules), 
(d) energy converted into heat by the transfer. 
[Ans: (a) 120 e,s.u. ; (b) 1800 o.s.u. ; (c) *046 joule ; (d) *027 joule] 
12. Explain the following :— 
(a) A neighbouring charge of like sign lowers the eapacity of a 
conductor ; an unlike charge increases it. 
(b A neighbouring uncharged, insulated body increases the capacity 
of a conductor. It is more increased when the body is earthed. 
(c) The e.s.u. of capacity is sometimes called 1 cm, 
(d) Thecapacity of a condenser is measured by the charge on only 
one of its plates. 
(e) A paper condenser has a higher capacity than an air condenser of 
the same size. 
(f) Each plate of a number of condensers connected in series has the 
same charge. 
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CHAPTER IV 
ELECTROSTATIC MACHINES 


sulphur rotating about an axis and rubbed with the dry palm 
of the hand. Machines employing the 
method of induction were however 
found to be much more satisfactory 
than those depending upon friction 
and could develop larger charges. 
Such machines are called influence 
machines, We shall describe two of 
them in common use, viz. (i) the 
electrophorus and (ii) the Wimshurst 
machine, as well as one of the best 
recent devices, the Van de Graaff 
generator,' 


28. The Electrophorus. The 
electrophorus (Fig. $ consists of a 
circular brass plate D (called the plate 
or the disc) with an insulating handle 
(H) and a sheet of ebonite (P)or 
Some such substance as sealing wax, 
hard rubber ete., called the cake. 
The cake is placed in a shallow metal 
pan (S), called the sole, or may be 
coated on the underside with metal 
foil. The dise is smaller in size than 
the cake. While an electrophorus is 
in use its sole is ordinarily earthed. 


To get a charge from the electro- 
phorus, proceed ag follows : 


(i) Remove the dise and rub the 
cake with fur. The cake is thereby 
negatively electrified (Fig, 49a). 
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(iii) Connect the disc to the earth, say, by touching it with 
t mo. we induced free negative charge escapes to the earth 
g. 46c). 


(iv) Lift the dise by the insulating handle. It retains its 
positive charge, which can be transferred to a body or a suitably 
arranged condenser (Fig. 494). 


The process may be repeated several times without renewing 
the charge on the cake. This charge slowly leaks away, especially 
if the air is moist. If it were not so we could continue to get 
charges on D indefinitely after having charged P only once. 


Action of the Sole. The negative charge on the cake induces 
positive and negative charges on the sole. If the sole is earth- 
connected the latter escapes to the earth. The positive charge 
on S eauses the negative charge on P to penetrate slightly into 
the cake and thus diminish its rate of loss. : 


The tedium of touching D every time with the finger may 
be avoided by using a metal pin passing from the sole to the 
upper surface of the cake. The pin touches D when it is placed 
on nd and permits the negative charge on D to escape to the 
earth. 


'The Electrophorus and the Principle of Conservation 
of Energy The original charge on the cake is not diminished 
when the plate is charged. What is then the source of electrical 
energy of the plate ? We find that the force required to separate 
D from P is greater when P is charged. Further, the electrical 
energy on D does not appear until it has been separated. Thus 
the electrical energy is due to the extra mechanical work that 
has to be done in separating D from P. 


29. The Wimshurst Machine. The Wimshurst machine 
is one of the best electrostatic generators of the ‘influence’ or 
‘induction’ type, It may be looked upon as continuously acting 
electrophorus. 

The machine consists essentially of two parallel glass plates 
rotating in opposite directions about a horizontal axis, The 
plates are varnished with shellac and tinfoil strips are placed 
radially on their outer sides. The action of the machine may 
be explained with the help of the right-hand diagram in Fig. 50 
in which the plates are considered replaced by coaxial cylinders. 
The tinfoil strips are shown as heavy black ares. The left-hand 
diagram in the same figure is a schematic representation of the 
machine viewed in the plane of the discs. - 

Suppose the tinfoil carrier Æ has a small positive charge. 
Let E move to the right so as to be opposite C, which is con- 
nected to D by means of copper wire brushes supported at the 
ends of a brass rod (Rz). Due to induction by the charge on E,C 
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will acquire a negative charge and D a positive charge. The 
negative charge on C is carried to the left and induces a positive 
charge on A and at the same time a negative charge on B. A and 
B are connected by means of a brass rod R, and copper brushes, 
as were C and D. Thus all the strips on the upper half of the 


Fig. 50 
P,, P,— Glass plates. C,, C4— Collecting combs, 
R,, R,—Brass rods with copper Dni Meet 
brushes at the ends. fu REPERI 
K,, K,—Knobs. A, B,...E—Tin-foils. 


outer plate and the lower half of the inner plate acquire a posi- 
tive charge. These positive charges are carried to the collecting 
comb 0,, These are sharp metallic points connected to a knob 
K;. The potential of K, rises as the comb C, collects more and 
more eharge from the rotating dlscs. 

In a similar way negative charges are collected by the comb 
C, and brought to the knob Ky. When a sufficiently large poten- 
tial difference builds up between K, and Ko, a spark passes 
between them. Sometimes two condensers (L, and La) are con- 
nected across the spark gap S. They increase the amount of 
charge passing at each spark. 

Action of the combs, Consider a positively charged tinfoil strip 
moving up tothe comb C,. The former acts inductively on the latter, 
asaresult of which tho points ofthe comb acquire a negativo chargo 
and the knob K, a positive oharge. The density ofthe charge at tho 
points is so great that dust and air particles in their neighbourhood are 
attracted towards the points, become charged by contact and aro repolled, 
carrying away negative charge from the pointe, These negative charges 
partly neutralise the positive charge on the foil towards which they aro 
attracted, Further, the air between the foil and the Points are ionised, 
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m negative ions are emn by, es foil d further Opora ges chargo. 

itive io: i [ ints, ius the 
indeed ipae ree Wha ista nemralleed and A, Wie wk 
a paste charge. Also, the foils are discharged in passing through the 
comb. 

We have assumed that for the machine to function a charge 
must be given to a tinfoil strip such as Æ. In practice the 
small difference of potential which exists between different parts 
is usually sufficient to start the action. 

A Wimshurst of average size may produce a potential 
difference of 40,000-50,000 volts. 

30. The Van de Graff Electrostatic Generator. In 
recent years there has been a demand for more powerful 
electrostatic generators for the production of X-rays of great 
penetrating power and of high speed particles which can smash 
the nucleus of an atom. Remarkable success in this direction 
was achieved by Prof. R. J. Van de Graaff and his collaborators, 
who designed an electrostatic generator capable of producing a 
potential difference of several million volts. We may refer to 
Fig. 51 to understand the principle of the machine. 

The generator consists of a hollow metal terminal (C) moun- 
ted on an insulating column (not shown) which carries an endless 
belt (BB) within. The belt, made of some insu- 
lating material (such as paper) is driven by a 
motor at high speed (a few thousand feet per 
minute). Charges are ‘sprayed’ on the belt by 
the action of points (P,) at a potential of 
several kilovolts. Within the hollow of the 
conductor C the belt discharges its charge to 
points (P5) connected metallically with C. This 
charge distributes itself on the outside of C. 
As more and more charge is carried to C its 
potential rises, OC is made smooth and round 
so that the leakage into the air may be slow. 
The potential of C is limited only by the charge 
conducted away along the insulating column or 
the surrounding air. To reduce conduction 
through air, the generator may be enclosed in 
a tank filled with air or somefother gas at high 
pressure. 

In more recent generators of this type there 
are two such terminals for opposite charges. The 
potential difference depends on the size of C and 
its height above the ground. With an insulating column 4ft. high it is 
possible to get a p.d. of half million volte. The machine in use at the 
Maesachusetts Institute of Technology has an overall height of about 43 ft. 
Hollow spheres of aluminium, 15 ft. in diameter, serve as terminals and 
nre supported on hollow textolite cylinders 6 ft. in diameter, Within the 
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spheres the intensity of the field is zero, and men may work in them while 
the machine is in operation, It develops a p.d. of five million volts. 

Electrostatic generators of this kind are used for imparting large velo- 
cities to electrons and protons Protons travel from the terminal at the 
higher potential down an evacuated tube and strike some target at the 
lower end of the tube. Such high energy protons are used for smashing 
the atomic nucleus. Electrons move in the opposite direction, and 
produce highly penetrating X.rays when they strike a target. 


The Van de Graaff principle has been applied for the development of 
compact, economic and reliable electrostatic machines for uso in testing 
precipitation of smoke, electrostatic deni and ignition in motor 
car engines. These machines arein the form ofa gas-tight insulating 
cylinder carrying a rotor driven by a m small built-in electric motor 
running at a k gts of about 3000 rpm. The rotor is made of a special 

lastie material called Araldite, and the stator which surrounds it is of 
bakelite, A charge is sprayed on to one side of the rotating cylinder and 
removed at the other. By filling the space between the rotor and the 
stator with hydrogen at a pressure of 20 atmospheres, a potential differ- 
ed of 200,000 volts may be maintained. Tho output may be a third of a 
milliampere, 

31. ame Harmful Electrostatic Effects, n As a vehicle with a rubber 
tyre moves along the road, it gradually builds up a charge due to friction 
between the tyre and the earth. A cyclist may thus acquire a potential 
of 5,000 volts relative to the earth, anda bus, of 100,000 volts. The 
charges may produce shocks or cause punctures in the tubes. To combat 
it special ‘antistatic’ tyres have been developed which are made of 
conducting rubber by incorporating carbon black in it. 

(ii) Inthe textile industry static charges may cause a bundle of 
yarns to bow out sideways due to accumulation of charge of one kind 
on it and thus make it unmanageable Charged textile materials may stick 
to conductors or attract dirt. Operatives may receive shocks from the 
Tages, or the charges may ignite inflammable dressing liquids by spar- 

in 


(iit) An insulated operating table, carrying a rubber mattress, may 
acquire a voltage of 15,000 when a dry cotton sheet is stripped from it. 
lt may cause sparks and risk of explosion in the presence of highly 
ignitable gases used for anaesthetic purposes, 


EXERCISE 


1, Describe an electrophorus and explain how an indefinite amount 
of charge may be taken from it, 
Show that the production of an indefinite amount of charge from an 
clectrophorus does not violate the principle of conservation of energy. 
How far can a condenser be charged from an electrophorus 7 
[Hint : Think of the potential.] 
2. Describe with the help ofa neat sketch the action of the Wim- 
shurst machine. Why is it called an induction or influence machine ? 
Compare its action with that of an electrophorus. 
Explain how the combs collect charges from the tin-foil strips of the 
machine, 
3. Answer Se dim: p 
a) How will the action of an electrophorus be modified if (i) the 
( sole is absent, (ši) the sole is not iMd ? a 
(b) What purpose do the condensers of a Wimshurst machino serve? 
" Ao they d seriot, oc ini parallel ? 
C ow would you c a condenser from (i) an ol h 
(i4) a Wirnshurst — Te |^ id ae 
Describe the principle of the Van de Graaff generator. 


—— 


CURRENT ELECTRICITY 


Et 
* v 


LE 
are LS AY ee 


"ce 
> Mss t vn z 
WER od s 
Al AX 


CHAPTER I 
ELECTRIC CURRENT AND ELECTRIC CELLS 


1. The Electric Current. 


In electrostatics we have dealt with the properties of electric 
charges at rest. Study of electric charges in motion forms the 
subject matter of Current Electricity. This branch of physics is 
also known as Voltaic Electricity or Electrodynamics. 


Rowland's experiment: Charge moved mechanically. 
An electric charge may be made to move by (i) mechanical or 
(ii) electrical means. Rowland, an American physicist of the 
last century, charged a series of insulated metal strips mounted 
on a dise capable of rotation about its axis, and found that when 
the dise was rotated, a magnetic needle placed in its neighbour- 
hood suffered a deflection. In this way he demonstrated that a 
moving charge creates a magnetic field which a static charge 


does not. 


Charge moved electrically. In the above example, a charge 
was made to move by mechanical means. But it can also be 
moved by electrical means. In elec- 
trostaties we have learnt that a posi- 
tive charge tends to flow froma place 
of higher potential toa place of lower 
potential. If, therefore, two insulated 
bodies charged to different potentials 
(Fig. 1) are connected together by & 
conductor (e.g. à metallic wire), posi- 
tive charge will flow through the 
1 wire from the body at the higher to 

Pa the body at the lower potential. The 
flow will last for a very short time, for it ceases as soon as the 
potentials of the bodies are equalised. During the period of 
flow a magnetic field comes into existence in the region surround- 
ing the wire through which the charge moves. A very light 
magnetic needle placed close to the wire will register a kick due 
to the transient magnetic field. 


This experiment shows that a charge moved by electrical 
means through a conductor (here the wire) produces a magnetic 
field in the surrounding region. In Rowland's experiment the 
magnetie field lasts so long asthe dise rotates. From these 
observations we conclude that a moving charge always creates 
a magnetic field in the surrounding region. 
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strength of one ampere. Now,1 coulomb-3*X 10? e.s.u. of 
charge (or statcoulomb). Therefore 
1 ampere=1 coulomb per sec. 
=3X 10° e.s.u. (or statcoulombs) per sec. 

Since current=rate of flow of charge, we shall have 

current X time=charge 

or ampere X second = coulomb 

A current of 2 amperes flowing for 1 minute, therefore, 
transports 2X 60 coulombs of charge. 

The above definition of the ampere does not help us in 
measuring electrie currents in any convenient way, because it 
is not given in terms of easily measurable effects. As a more 
convenient practical guide we can at this stage accept the follow- 
ing definition of the ampere (called the international ampere): 

The ampere is that steady current which flowing through a 
solution of silver nitrate in water, deposits silver at the rate oJ 
“001118 gm. per second. 

The correct definition of the ampere and its relation to the 
above is given in chapter III. 

We shall have occasion to refer to electrieeurrents and their 
values in amperes long before we learn how to measure them. 
It will, therefore, not be out .of place to mention here the 
ammeter which is an instrument for measuring an electric 
current directly in amperes. . All that we need do is to connect 
the instrument properly to the conductor which carries the 
current. Its needle registers the current. 

In most cases of current flow that we shall come across it 
will be found that the current flows in a closed path made up of 
conductors. Any closed path carrying an electric current is 
called an electric circuit. 


2. Production of a Steady Electric Current. 


In the simple experiment with insulated bodies at different 
potentials, the electric current was transient. Could we produce 
a steady electric current which would last only so long as we 
want it? We find that there is a positive answer to this question. 
If wecould maintain a constant potential difference 
between the ends of a conductor, a steady current would 
continue to flow through it so long as the potential 
difference will be there. 

It is easy to speak of maintaining a constant potential differ- 
ence ; but how is it to be brought about ? Fortunately, there are 
various means of doing so. One of the commonest ways used in 
the laboratory, is to utilise chemical action for the production 
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and maintenance of a constant potential difference, A device 
which does so is known as an electric cell. 


In large scale production of electric current, potential differ- 
ence is set up and maintained by rotating a coil of wire in a 
magnetic field. Such a device js known as an electric generator or 
dynamo, 


Small potential differences may be set up and maintained by 
other means, as for example, by heat in a thermocouple or by 
light in a photovoltaic cell (see Vol. I, Light). Electrostatic 
generators produce large potential differences, but the current 
available from them is small, because the charge collected by 
the brushes per second is small. 


13. The Simple Voltaic Cell. 


The first device for setting up a potential difference and 
maintaining an electric current was due to an Italian scientist, 
Alessandro Volta. In an attempt to explain Galvani's famous 
experiment* with frog’s legs, Volta (1800 A.D.) found that an 
electric current was Senerated when a strip of copper and one 
of zine were dipped in dilute acid and their outer ends connected 
together by a wire, 


Volta's early experiments gave rise to what is now known as 
the voltaic cell or the simple electric cell. It consists of a. strip 


may be demonstrated by placing a magnetic needle close to the 
wire, which shows at deflection when the stripsare connected by 
the wire and maintains it so long as the strips remain connected, 
For convenience, a current-indicating instrument (known as a 
Galvanometer, after Galvani, the Italian scientist) may also be 


sity of Pavia, maintained that the electricity was du 
different metals, None of the above explanations are correct, According 
to our present day views (see §4) the iron and the copper in contact with 

i Duvered a current as 
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Static Charges on the Copper and the Zinc Plates of a 
Simple Cell. That static charges do appear on copper and the 
zine plates of asimple cell 


may be shown by a simple pee E'S: d 
experiment. Take an Bo sacar TIE 
insulated parallel plate by 
condenser which has a = 
thin sheet ofmica or para- i 
flined paper separating the 

plates. The upper plate C, | 
is fitted with an insula- 

ting handle (Fig. 2). C, is 


connected to the earth Fig. 2 

and C, to a gold leaf electroscope. The zine strip is then 
connected to C; and the copper strip to C,. The electroscope 
will give no indieation, for the potential difference between the 
leaves and the case (i.e., between the copper and the zinc plates) 
is not large enough to make the leaves diverge. 


Now break the metallie connection between the cell and the 
plates of the condenser by means of well-insulated pliers. Tf, 
following this operation, C, is gradually lifted by the insulating 
handle, the leaves of the electroscope will diverge. The reason 
for it is that the capacity of the condenser diminishes as the 
distance between its plates increases ; but since the charge on the 
plates remains constant, the potential difference between the 
plates increases. This canses the leaves to diverge. 


When the charge on the electroscope is tested, it is found to 
be positive. Hence the copper plate of the cell has a positive 
charge on it. If the zinc plate were connected to the electroscope 
in the above way and copper to the earth, the zine plate would 
be found to possess a negative charge. For this reason the 
copper plate is called the positive electrode and its terminal 
the positive pole of the cell. The zinc plate is the negative 
electrode and its terminal the negative pole. 


Potential Difference between the Copper and the Zinc 
Plates of a Simple Cell. The copper and the zine plates were 
at the same potential before they were placed in the acid. Due 
to chemicul action (see §4) equal and opposite charges collect on 
the plates. Copper, which acquires the positive charge, comes to 
be at a higher potential than the zinc (since positive work has 
to be done in moving a positive charge from the zine to the 
copper). Hence if the terminals of the copper and the zine are 
connected together by a conductor, positive charge will flow 
through conductor from the copper to the zinc. It has, therefore, 
become conventional to say that positive electricity flows from 
the positive to the negative pole of a cell through the 
conductor joining them externally. 
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We are now quite certain that the charge which actually flows 
through the conductor in the above condition, is not positive in nature. 
Tn reality, electrons, which are negative charges, flow from the zinc to the 
copper through the external conductor. Positive charges in a solid are not 
free to move. This discrepancy between fact and convention is due to 
the practice of taking a positive charge as the test charge in defining 
potential and would disappear if a negative charge were taken as the test 
charge. The above difficulty, however, does not affect the results of any 
experiment in any way. As scientific literature grows we may expect this 
discrepancy to be removed some day.perhaps by international convention. 
Then we shall say that an electron current (or perhaps ‘the current’) flows 
from the negative to the positive pole of a cell. 


4. Nature of Chemical Action in a Simple voltaic Cell. 


Whenever a metallic electrode is placed in an electrolyte, 
there is a tendency for its ions* to come into solution. This 
tendency has been given the name solution pressure by Nernst. 
On the other hand, positive ions already in solution tend to get 
deposited on the metal. The tendency is known as osmotic 
pressure and is proportional to the concentration of the positive 
ions in solution. If solution pressure is greater than the osmotic 
pressure, more metallic ions will come into solution, leaving the 
metal negatively charged. The osmotic pressure increases as 
more metal dissolves. Soon a state is reached in which the two 
opposing tendencies balance each other, when further dissolution 
of the metal ceases. 


If osmotic pressure is greater than solution pressure, positive 
ions get deposited on the metal and gives it a positive charge 
until repulsion prevents further deposition. In either case a 
potential difference is set up between the electrode and the 
electrolyte, which are charged oppositely. 


«Ib will be remembered that an ion of a metal isan atom of the 
metal which is short ofits normal quota of electrons, In the type of 
reactions under consideration or in chemical reactions in general, the 
deficit in the number of electrons is equal to the valency of the metallic atom. 
Zine has a valency of two, and zine ions (Zn**) have two electrons leas 
than the normal quota of 30. Metallic ions have therefore an excesa of 
positive charge, Anion with an excess of positive charge is called a 
POSITIVE ION. Copper has 29 electrons normally; but a euprie ion 
(Cu**) will have 27 electrons, and a cuprous ion (Cu*), 28 only. 

or à group of ato i 
ore dama i, cs ee RECAEN T rt n eem 
electrons normally ; but a chlorine ion (O]-) has 18. The sulphate radical 
(SO,)has altogether 16 electrons in the sulphur atom and 8 each in the 


oxygen atoms. But the sulphion (SO--) has alt 
Iu Pan. ) ogether 60 electrons, 
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In a dilute solution of sulphuric acid in water many of the 
»SO, molecules are broken up into positive H* ions and 
negative SO,-- ions. The two hydrogen atoms of the H4,80, 
molecule hand over one electron each to the SO, group. When 
8 zinc electrode is dipped into thissolution, zinc ions, each carry- 
ing two electronic units of Positive charge, pass into the solution 
on account of solution pressure and 
leave behind two electrons each on 
the metal. This continues for some 
time until the attraction of the 
negative charge on the zinc elec- 
trode, the repulsion of zine ions in 
Solution and the osmotic pressure 
prevent further zinc ions from 
coming into the solution. The zinc 
electrode is left with an excess of 
negative charge and the solution 
with an excess of positive charge, 
a potential difference being got up 
between them (Fig. 8). 


At the copper plate the osmotic pressure of the H* ions in 
solution is greater than the solution pressure of the copper. The 
ions therefore deposit themselves upon the copper plate and 
thereby give it a positive charge and a positive potential (Fig. 3). 


When the external terminals of zinc andcopper are connected 
together by a conductor (Fig. 4), electrons flow from the zine 


plate at the lower potential to 

the copper plate at the higher ibl 
potential. As electrons are re- 

moved from the zine electrode, 

the equilibrium between the 
negative charge on the zinc 
and the positive charge in the 
solution is upset, and more 
zine ions go into solution. 
Each Zn**ion repels two HY 
ions on to the copper where 
their charges are neutralised 
by the electrons transferred 
from the zine to the copper 
through the external conductor. 
The hydrogen ions are thus 
converted first into atomic 
and then into molecular hy- 
drogen gas, which collect on 


Fig. 4 
the copper and rise to the surface. Zn** jons are also repelled 


-= 3 


towards the electrode, but combine with 5S0,7- ions to form 
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Zn SO,. This may be verified by evaporating the solution, when 
a white residue ZnSO, will be found to have been left behind. 
The action of the cell continues until the zinc is completely 
consumed. 
The reactions may be summarised symbolically as follows : 
(i) At the zinc electrode 
Zn>Zn** +267 
where &7 represents an electron. 
(ii) In the dilute sulphrie acid solution 
H480,—9H* +804 
(iii) At the copper electrode 
Ht+e>H 
Further H+H>H, 


(iv) Dissolved zine finally results in a zinc sulphate solution 
Zn** +80,7 —ZnSO, 

The final chemical reaction may be written as 
Zn H4S0, 7 ZnSO, - Hs 


The electrical energy of the moving electrons is derived 
from the chemical energy of zinc, just as the energy of a loco- 
motive is derived from the chemical energy of coal. We may 
therefore say that in a simple cell the “fuel” is zinc. 


Electromotive Force. In analysing the action of the simple 
cell we find that due to the stronger tendency of zine to dissolve, 
zinc ions are driven into the solution and positive hydrogen ions 
to the copper, thus causing a transference of positive charge 
within the cell from the zine to the copper. Since we are cf 
opinion that no change can take place except by the action of 
an agent, we have coined the name electromotive force for the 
agent which brings about the transference of charge within the 
cell. It should be understood that the electromotive force (abbre- 
viated emj) represents the combined effect of the solution 
pressures and osmotic pressures of the ions at the two electrodes. 


Electromotive force is to be looked upon as an agent which 
tends to drive positive electricity from the negative electrode to 
the positive electrode within the cell and sets up a potential 
difference between them. Its action is balanced when the poten- 
tial difference between the electrodes reaches a certain value 
depending on the nature of the materials of the cell. The emf 
ofacell is also measured by this potential difference, which 
is the p.d. between the electrodes of the cell when it is not deli- 
vering current. This pd. and hence the emf, of the cell, is 
ordinarily measured in volts. Direct reading instruments, called 
Voltmeters are available for such measurements. When con- 
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nected to the terminals of a cell, it records the potential difference 
between them in volts. The principle of action of a voltmeter 
is discussed in Chapter III. 


Other Simple Cells. The simple cell can be made with other 
materials besides zinc and copper as electrodes. "The positive 
plate should be some material which does not tend to dissolve 
as readily as the material of the negative plate. Carbon, silver, 
gold, platinum are suitable for a positive plate, while aluminium 
or lead may be used for zinc as the negative plate. In place 
of sulphuric acid, hydrochloric acid may be used as the electro- 
lyte. A copper wire and a zinc wire stuck into ‘a lemon will form 
a simple cell whose electrolyte is citric acid. The potential 
differences however vary with change of material. 

Normal electrode potentials. It should be noted that an electrode in 
contact with an electrolyte represents only one half of a cell and the p.d. 
between the two cannot be measured without inserting another electrode 
and thus completing the cell. An idea of the relative p.d's between an 
electrode in contact with an electrolyte may bo obtained by completing 
the cell with the help of some standard electrode, Ordinarily the hydro- 
gen electrode in contact with a normal solution of hydrogen ions is taken 
as the standard and constitutes the other half ofa cell. The emf of this 
electrode is arbitrarily taken as zero, The following table gives the 
potential of a motal in a normal solution of its own ions, the cell being 
completed by means of the normal hydrogen electrode. The p-d. at tho 
interface of two electrolytes is negligible. 


Normal Electrode Potentials 


a aa MEUM 


Li — 3°02 volts | Sn (++) -014 
K -2:92 |^ Pb(++) -013 
Na -2:72 Cu (++) +034 
Mg -1'55 Cu (+) +051 
Al = 1'34 Hg (+) +0°79 
Zn -076 Ag +080 
Fe (++) =044 Hg (++) +086 
Ni (++) -0:22 Pt 4- 0:803 


LES 

The potential difference between the electrodes ofa cell formed by 

any two of the above metals can be predicted from the individual poten- 

tial values, Consider for example a copper-zine cell. Copper is *24 volt 

higher and zinc ‘76 volt lower than hydrogon, Hence the potential of 

Sopper will bo “34 4-762 1-10 volt higher than that of zinc. This is vory 
nearly the value we get in*a Daniol cell (see § 6). 


5. Defects of a Simple Cell. 


The simple cell has two main defects known as (i) local 
action and (ii): polarisation. 


Part II—19 
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(i) Local action. Common zinc contains impurities such as 
iron, lead, arsenic etc. The particle of impurity acts as the 
positive pole of a tiny local cell on the surface of zinc. Electricity 
flows in a short local circuit from the impurity 
through the zinc and back from the electro- 
lyte to the particle (Fig. 5). This action, 
known as local action, results in the wastage 
of the electrode, usually the zinc, and does 
not produce any flow of electricity in the 
external circuit. 

To prevent local action and keep the zine 
from being wasted when the cell is not in 
use, the zinc is amalgamated with mercury. 
The zinc is cleaned in acid and a few drops of 
mercury worked into its surface until a 

: smooth, even, somewhat plastic surface is 
obtained. The mercury dissolves the zinc 
and the amalgam covers up the impurities, 
As the gine is consumed the impurities fall 

to the bottom of the cell. 


(ii) Polarisation. By polarisation is meant the change in the 
nature of an electrode brought about by the chemical action 
going on within the cell. When the simple cell supplies a current, 
bubbles of hydrogen gas collect on the copper electrode. It 
makes the electrode behave like hydrogen rather than like copper 
and reduces the emf of the cell. This effect is known as 
polarisation. Further, by covering up the copper, the hydrogen 
increases the internal resistance of the cell and quickly reduces 
the value of the current even when the cell is being used 
for a short time. 

Polarisation is minimised by surrounding the positive pole 
with an oxidising agent, usually MnO, or K,Cr,O; (potassium 
dichromate). It is called a depolariser and its function is to 
combine chemically with the offending hydrogen as it forms, 


6. Primary Cells, 


Electric cells in which we cannot, by easy means, regain 

the materials used up for producing electricity, are known as 

ary cells. When an electrode or the electrolyte’ in such a 

cell is used up, a fresh electrode or electrolyte is substituted, or 
the cell scrapped. 


As distinguished from the primary cells, wo have secondary 
cells or accumulators which, when run down, may be brought 
back to their original condition by passing a current through 
them in a direction opposite to that in which the cell sends a 
current. 


Fre. 5 
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Of the many different types of primary cells that have been 
developed, only five are now used to any great extent. They 
are (i) the Daniell cell, (ii) the 
gravity cell, (iii) the Leclanche 
cell, (iv) the dry cell and (v) the 
standard cell. We shall see that all 
of them are devices in which the 
defects of the simple cell have been 
successfully overcome. 

(i) The Daniell cell. It consists 
of a positive electrode of copper in 
& saturated solution of CuSO, and 
a negative electrode of amalgamated 
zine in a 5% solution of ZnSO, 
containing a little sulphuric acid - 
(Fig. 6). The two electrolytes are 
separated by a porous -pot of un- 
glazed porcelain, which allows the 
passage of ions, but prevents the A $ 
solutions from mixing up. CuSO, Figa 
crystals are often kept on a per- 
forated tray to maintain the strength of the CuSO, solution. 


Because of high solution pressure the zinc dissolves. The 
zinc ions leave behind them the negatively charged electrode and 
displace H* ions from sulphuric acid. Copper, on account of 
its low solution pressure, receives a deposit of copper ions and 
is positively charged. The displaced H* ions move through the 
pores of the pot into the CuSO, solution which has lost some 
of its Cu** ions. The copper thus acquires a positive potential 
and the gine a negative potential. For each zinc ion coming 
into solution one copper ion is deposited. 


When the electrodes are connected by an external conductor, 
electrons flow from the zine to the copper through the conductor 
giving rise to an electric current. This is conventionally taken 
as a flow of positive charge from copper to zine externally. As 
the electrons leave the zine electrode, the balance at the zinc- 
sulphate interface is disturbed and more zine passes into 
solution, liberating more electrons, which take part in the flow. 
The process continues until the connection is severed or the zinc 


is wholly consumed. 


During the operation of the cell the zinc electrode wears away 
while the copper electrode gains in weight. The concentration 
of the ZnSO, solution increases and that of the OuwSO, solution 
diminishes. The change in concentration alters the osmotic 
pressure and somewhat affects the emf of the cell; but the 
change is not enough to interfere with its practical use. 
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From the action of the cell it is clear that difference in solu- 
tion pressure of zinc and copper creates a potential difference 


this potential difference drives an electron current through it 
Equalisation of potential does not occur as the difference is 


If a Daniell cell is allowed to stand idle for a long time 
the solutions mix up by diffusion. This lowers the efficiency of 
the cell. The cell is best adapted for “closed circuit" work in 
which it continually delivers & small current. Itis principally 
used in the operation of railway signal circuits. 


It should be noted that the reaction in the cell is practically 
that of the simple cell, except that there is no polarisation 
since the chemical action that occurs in it does not change the 
nature of the positive electrode, where copper is deposited on 

' copper. Alternatively, we might say that CuSO, solution is the 
depolariser. Tt prevents the H* ions, driven by the Zn** ions 
towards the copper, from reaching the latter. The H* ions com- 
bine with SO,— ions forming H,SO, and drive Cu** ions 
towards the copper electrode. 


The final chemical reaction is 
Zn CuSO, = ZnSO; + Cu. 


The reader will find it an useful exercise to write down the 
electronic changes. 


The emf of the cell is about 1'08 volts. 


Gi) The Gravity cell. The Gravity cell employs the same 
materials as the Daniel! cell ; but they are arranged as shown 
7 in Fig. 7. The denser eopper sulphate 
solution is at the bottom of a jar and 
the lighter zinc sulphate solution above 
it. The electrodes aro in their respec- 
tive solutions. The wire leading to the 
copper electrode is insulated to prevent 
contact with the ZnSO, solution. 

The action is practically the same 
as that of the Daniell coll. During 
action, for each Zn** ions that dis- 
solves, one  Qu**ion is deposited. 
The emf, as in the Daniell cell, is 1'08 
volts. It is used in railway signalling. 

The cell is formod as follows: The positive electrode in the form 
of a thin coppor star with à rubber insulated wiro connected to it, is put 


Fig. 7 
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at the bottom of the battery jar. Crystals of CuSO, are also put into 
it. The negative electrode of cast zinc in the form of a crowfoot is hung 
from the edge of the jar, ZnSO, solution is then poured into the jar 
until it is about one-third full. Concentrated CuSO, solution is then 
poured in, slowly through a tube which carries it to the bottom, until 
the jar is nearly full. 


The next step is peculiar to this cell alone. The cell is short. 
circuited by connecting the positive and negative plates externally. Tt 
is then allowed to stand until there is a clearly visible dividing line 
between the blue copper sulphate and the slightly yellowish zinc sulphate 
solutions, Thereafter it is ready for use. 


(iii) The Leclanche cell. In this cell designed by Georges 
Leclanche a positive electrode O (Fig. 8) of carbon and a negative 
electrode Zn of zinc are immersed in a 
solution of ammonium chloride (NH,Cl). 
The carbon is actually put inside a porous 
pot P and packed round with carbon 
granules and manganese dioxide (MnO), 
the latter acting as the depolariser. 

The electrolyte in this case is the 
NH,Cl solution. NH4Cl partially disso- 
ciates in solution into NH4* and OV, 
When the cell delivers a current, Zn** 
ions come into solution and each leaves 
behind two electrons which move along 
the external conductor to the positive 
electrode. The Cl ions are attracted 
towards the Zn** ions near the zinc 
electrode and the NH,* ions are repelled Fig. 8 
towards the carbon. The ammonium : 
ions deliver their charge to the carbon, where it is neutralised 
by the electrons which move up from the zinc. The ion itself 
splits up into ammonia and hydrogen, ‘The latter is oxidised 
by MnOz into water. The ammonia dissolves in water forming 
ammonium hydroxide (NH40HA). 


The reactions may be represented as follows : 
(a) Dissociation of electrolyte, 
NH,Ol—->+NH,* +07 
(b) Near the negative electrode 
Zn—>Znt* +>9,- 
Zn'* +201-+ZnCl, 
(e) Near the positive electrode 
9NH,* +20 + MnO, + H,0—72NH,OH + MnO 
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The emf of the cell is 1'5 volts. It is well suited for “open- 
circuit" work, i.&, work in which it is called upon to deliver 
current for short periods only, at other times its circuit being 
open. Operation of electric bells and flash lights are examples 
of such service. The reason why it is suitable for intermittent 
work is that when the cell runs continuously, the depolariser 
cannot dispose of the hydrogen as quickly as it is formed. Hence 
the emf and the current both fall off rapidly. Oxidation of 
hydrogen continues even after the cell has stopped, and soon 
the emf regains its full value. 


(iv) The Dry cell. The Dry cell is the same as the Leclanche 
in the chemical nature of its electrodes, electrolyte, depolariser 
and their reactions, They are 
not really dry, but are “non- 
Spillable". If they were dry, 
they would not work. 

The dry cell usually consists 
of a zinc can (Fig. 9) which 
serves as the container. It is 
lined with blotting paper satura- 
ted with a solution of ammo- 
nium chloride and zine chloride, 
or with a paste composed of 
plaster of Paris, flour, ZnOl,, 
NH,Oland water. The carbon 
rod is at the centre and the 

Fig. 9 space between it and the lining 

is filled with a paste made of 

granulated carbon and manganese dioxide soaked in a solution 

of ammonium chloride and zinc chloride. Zine chloride is highly 

hygroscopie and keeps the cell from becoming too dry. Tho con- 

tents are sealed with pitch or wax, through which a vent may 
be left to permit gases to escape. 
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As in the Leclanche, the carbon is the positive pole and zinc 
the negative, The emf is 1'5 volts &nd decreases with use. The 
cells become worthless due to local action when they remain 
stored for a long time. 
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Millions of dry cells are in daily use in flash lights, radio sets 
and in operating electric bells, telephones, signal devices etc. 
Large or small, their emf is 1°5 volts each. When larger voltages 
are required, a number of them are connected in series, t.¢., the 
carbon of one is connected to the zinc of the next and so on. 

‘y) The Standard cell. The Standard cell is meant to pro- 
vide a standard for measuring differences of potential and is 
never used as a source of current. The 
type in common use was perfected by 
Edward Weston and is variously known 
as the Weston Standard cell, the Cad- 
mium Standard cell or the Weston 
Cadmium cell. 


In the Weston Standard cell (Fig. 
10), the electrodes are placed in the 
opposite sides of an H-shaped glass 
vessel which serves as the container for 
the electrolyte. The positive electrode 
is of pure mereury (M, Fig. 10), on the 
top of which is a layer of pasted 
mercurous sulphate (C.M.S.) serving as the depolariser. The 
negative electrode is an amalgam (C.A.) of mercury and cadmium 
(90Hg +1004). The electrolyte is a solution of cadmium sulphate 
which may be kept saturated by crystals of cadmium sulphate 
(CS.) in both limbs of the H. The constituents are held in 
place by inert packing and porous porcelain retainers. Connec- 
tions to the electrodes are made by platinum wires sealed 
through glass. The container is hermetically sealed and is en- 
closed in a light-tight cover (the cell is sensitive to light). Its 
emf is 101830 volts at 20°C and varies with temperature accord- 


ing to the relation 
Et =1'01830—0'00004 (t— 20). 

Caution. A standard cell should not be permitted to deliver a current 
greater than 10-* ampere. To prevido against it a resistance of 10,000 
ohms should be used in series with the cell. In some cases this resistaner 
is built into the box containing the cell, 


Other Primary Cells. Many forms of primary cells have 
been invented from time to time, and except those already men- 


Fig. 10 
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Bichromate Cell (Fig. 11) in which carbon and zinc are used as 
electrodes, while the electrolyte is dilute sulphuric acid in which 
potassium dichromate (K 20r207) has been dissolved. The 
dichromate acts as depolariser. Its emf is about 2 volts. 


Fig. 11 Ae 


Another form now obsolete is the Bunsen Cell in which the 
Positive electrode is carbon and the negative zinc. The carbon 
` rodis keptin a Porous pot containing nitric acid and the zinc 
TOd is placed in dilute sulphuric acid. Nitric acid is the de- 
Polariser. The Grove Cell (Fig. 12) is the same as the Bunsen 
cell except that carbon is replaced by platinum, 

It may be noted that a primary cell will be formed whenever 
two electrodes of different kinds are immersed in an electrolyte 
which reacts preferentially with one. 


7. Secondary Cells 
Secondary cells are used for providing larger and steadier 


They convert chemical energy into electrical energy, but differ 
from the primary cells in that before they can deliver a current 
they must be electrically treated, and further, when they are run 
down, they may be reformed by the same electrical treatment as 


before. This treatment is known as charging the cell (See 
Chap VI), 
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There are two principal types : (i) the lead-acid cell and (4s) 
the nickel-iron-alkali cell. The first is due to Plante’ and the 
second to Edison. 


(i) The Lead-acid Cell. In a commercia! cell which has beem 
charged and is ready to deliver a current, the negative electrode 
consists of a group of parallel plates 
of pure spongy ead.  Interposed 
between them lies a group of lead 
grids packed with porous packets of 
lead peroxide (P50.,) which form the 
positive electrode. The two sets of 
plates are kept apart by rubber or 
wooden separators. Positives and 
negatives alternate with each other. 
All the positive plates are connected 
together to the sametermina] and all 
the negatives to another. The plates Fig. 13 
are immersed in an electrolyte of dilute H.,SO, in a glass 
container. 


When a storage cell is delivering a current it is said to be on 
discharge. During discharge both plates become coated with lead 
sulphate and the electrolyte becomes less dense. The net 
chemical change may be represented by 


PbO + 2H 2804+ Pb-—PbSO, 42H40 + PbSO,. 
The reactions involving electrons are-as follows : 
(i) At the negative plate 


Pb—>Pb*+ +207 
80,-- is attracted by Pb** and forms PbSO, 
Pó** +S0--—->PbS0, 
(ii) At the positive plate 
H ions driven to the positive plate are neutralised by electrons 
reaching it from the negative. The hydrogen atoms so formed reduce 
PbO, to PbO. PbO is then acted on by H,SO,. Thus 
PbO, +2H* +2e~—+>Pb0+H,0 
P504- H,SO, ——-P58S0,-- H0. 


When freshly charged the emf is 21 volts which soon falls 
to 2'0 volts during discharge and remains constant at this value 
foralong time. With the approach of complete discharge the 
emf falls rapidly. The specific gravity of the electrolyte dimi- 
nishes with discharge. 


(ii) The Nickel-iron-alkali Cell In this storage cell the 
negative electrode consists of a mixture of finely divided Fe and 
FeO contained in rectangular, perforated steel pockets. The 
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positive electrode consists of alternate layers of NiO. (the active 
material) and nickel flakes packed into cylindrical, perforated 
steel tubes. The electrolyte is a 21% solution of KOH in dis- 
tilled water with a small percentage of LiOH. 


As the cell discharges, NiO, is reduced to NiO and Fe is 
oxidised to FeO. The electrolyte undergoes no change. The emf 
changes during discharge and may be taken to have an average 
value of 1°2 volts. 


The cellis lighter than the lead storage cell and jg therefore 
more suited for vehicular operation. Further it is more robust 
and stands rough handling much better than the lead cell. 


The Ampere-hour. The capacity of a storage cell for deliver- 
ing electric charge is measured in ampere-hours. The ampere- 
hour is defined as the quantity of electricity which flows past a 
given section of a conductor when a current of one ampere flows 
through it for one hour. 


1 ampere-hour=1 ampere X 1 hour 
71 ampere x 3600 seconds 
= 3600 coulombs. 


Effect of Size ofa Cell. Whether primary or secondary, the 


emf of a cell depends on the chemical nature of its electrodes 
and the electrolyte. It is entirely independent of the size of the 
cell. A tiny lead storage cell formed in a test tube and a large 
cell used as a stand-by ina power sub-station have the same 
emf of 2 volts. The larger cell has the greater capacity and 
supplies much more energy than the smaller one. It contains 
much more chemicals and a much larger number of ions in it 


ean get into the reaction at the same time than is possible in a 
smaller cell. 


8. Cells in Series and in Parallel, 


A group of cells connected together is called a battery. 
There are two distinct methods of connecting together a number 
of cells to form a battery; all others are combinations of these 
two. The methods are known as (i) series connection and (ii) 
parallel connection. 
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G) Series Connection, A group of cells so arrangeå that the- 
positive of one is connected to the negative of the next and so- 


Fig. 14 
on, is said to be connected i» series (Fig. 14). In this arrange- 
ment the total emf is the sum of the emf's of the individual 
cells. Diagrammatically the positive pole of a cell is represented 
by a relatively long thin line and the negative by a shorter and 
thicker line (Fig. 14). 

(ii) Parallel Connection. When a group of cells having the 
same emf are so arranged that their positive terminals are 
connected together and so also the negative terminals, they are 
said to be connected in parallel. We shall consider only the- 
case in which all the cells have exactly the same emf. When 


1- - J-- o 
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Fig. 15 Eig. 16 


the emí's are unequal they are generally not connected in. 
parallel because of wasteful flow of eurrent through some of the 
cells themselves. 

In series connection the emf is increased; in parallel con- 
nection the emf is unaltered ‘assuming cells of the same emf) 
and remains equal to that of any of the component cells. The 
reason for this difference in behaviour is not far to seek If we 
consider a unit charge to be carried from one pole to the other 
of a battery in which the cells are connected in series, the total 
work done will be the sum of the works done at each cell. 
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Hence from the definition of potential difference it follows that 
the total p.d. between the terminals of the battery is equal to 
the sum of the terminal p.d.’s i.e., the emí's of the individual 
cells. But for a battery consisting of identical cells in parallel, 
the work done in transferring a unit charge from pole to pole 
-of the battery is the same as that for taking it from one pole 
of a cell to the other. Hence the emf's are the same in this case. 


SUMMARY 


A moving charge constitutes an electric current, Itis measured by 
the amount of charge which flows past any cross-section of the path in 
one second. The practical unit of electric current is the AMPERE which 
means a flow of one coulomb of charge per second. 

To send a steady current through a conductor its ends must be 
maintained at a constant potential difference. In such a case electrons, 
which aro freo to move through conductor, will drift from the negative 
*owards the positive end. "This is equivalent to a flow of positivo charge 
from the positive to the negative end. "Though positive charges cannot 
move through solids, we conventionally look upon an electric current as 
a flow of positive charge. This way of looking does not alter the results 
of any experiment in any way. 

A current produces three kinds of effects : (4) MAGNETIG (ii) THERMAL 
and (i/i) CHEMICAL, and may be detected and measured by any of these 
*effects. : 

A steady potential difference may be maintained by (¢) CHEMICAL 
ACTION as in an electrical cell, (ii) MECHANICAL ACTION as in a dynamo or 
by several other methods. 

An ELECTRIC CELL is a device in which electrical energy is produced 
at the cost of chemical energy. In its simplest form it consists of two 
dissimilar metals (say, zinc and copper) dipped without touching each 
otherin the same electrolyte (say, dilute H,S0,). Zine dissolves pre- 
ferentially to copper in H,SO, and drives H* ions on to the copper, thus 
setting up a p.d. between tho metals. Dissolution of zinc supplies eleo- 
trons which charge the zinc terminal negatively. H* ions chargo the 
copper terminal positively. Tho p.d. is created and maintained by the , 
‘80-called ELECTROMOTIVE FORCE which is due to the difference in the solu- 
tion pressure and osmotic pressure of zinc, hydrogen and copper ions, 

The simple cell has two main defects: (i) LOCAL action and (i$) 
POLARISATION. In all practical forms of cells these defects are successfully 
removed. Useful forms of cells are of two kinds: (i) the primary and 
($i) the secondary cells, storage cells or accumulators. In the former 
ihe chemicals giving rise to electrical energy are used up and cannot be 
easily recovered. In the latter the chemicals are reformed by sending 
an electric current through tho cell in the opposite direction. 
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Primary cells in use are (i) the Dantect, (ii) the Gravrry, (tit) the 
LBCLANCHE, (iv) the Dry and (v) the STANDARD CELL. Secondary cells are 
($) the Leap-acrip and (ii) the NICKEL-IRON ALKALI CELL. 


A group of cells connected together form a BATTERY. When cells are 
in sERIES their emf's are added. When a number of identical cells are 
IN PARALLEL, the emf of the battery is that of any one of them. 


EXERCISES 


1. What is your idea of an electric current ? Mention the effects it. 
produces. Define the practical unit of current. 

What importance do you attach to Rowland’s experiment in connec- 
tion with the electric current ? 

2. What fundamental condition needs be satisfied to get a steady 
electric current through a conductor ? Mention some of the methods by 
which it can be done. 

3. What isan electric cell? Describe a simple cell and explain its 
action, 

4, What are the defects of the simple cell? How can they be 
remedied ? 

5. What do you understand by the term electromotive force ? Is it 
the same thing as the potential difference between the terminals of a 
coll in open circuit? Clarify your answer. What are the factors on 
which the emf of a coll depends ? E 

6. Distinguish between primary and secondary cells, Mention cells 
of each class that you know and write down the approximate emf of each. 

7. You are required to choose cell for (i) open-circuit work, (ši) 
olosed-cireuit work, Name the cells you choose for each giving the reason 
for your choice. Also describe them and explain how they supply the 


charge. 
If the cells are to be portable in addition, would it affect your choice ? 


Give your reason. 
8. State the differences between (a) the Daniell and the gravity 


cells, (b) the Leclanche and the dry cells. 
9. For what purpose is a standard cell used ? Describe ono and 


mention the precaution in its use. 
10. Explain the following terms : 
(a) Electric circuit, (b) Electrolyto, (c) Ion, (d) Ampere-hour, (e) 
Voltaic cells, (f) Depolariser, (g) Localisation, (h) Electrode, (i) Terminal, 
( j) Pole, (k) Battery, (2) connection in series, (m) connection in parallel. 


11. What is an accumulator ? Describe one that you know and 
explain ‘its action. What is the difference that exists between a large 


accumulator and a small one ? 


CHAPTER II 
RESISTANCE 
9. Ohm's Law, 


We have learnt that positive electricity flows from places of 
higher to places of lower potential just as water flows from 
- points of higher to points of lower pressure. Since an increase 
in difference of pressure causes more water to flow, it is natural 
to expect that an increase in potential difference will lead to an 
increased flow of electricity, i.e., to a stronger current. This is 
confirmed by experiment. 


The relation between potential difference and the resulting 
electric current was investigated by Georg Simon Ohm* in 1826 
His result, known as Ohm's law, is one of the greatest importance 
and widest application in the science of electricity. It may be 
stated as follows : 


Ohm’s law: The current flowing between any two points of 
a conductor is proportional to the potential difference between 
them, provided that the temperature and all other physical 
conditions remain unaltered 


Let A and B be any two points of 
Ahe B a conductor between which a steady 


i ! potential difference Vas is applied, 
M----V-ll. » 5 
‘AB causing a steady current Tas to pass 
Fig. 17 between them. 'Then according to 
Ohm's law 
Van cc Ian 
or Vas = RAnfAn (9.1) 


where the factor of proportionality Ras remains constant so long 
as the temperature or any other physical condition of the con- 
ductor does not change, Ran is called the resistance of the con- 


* German physicist, born 1787. When he published his work, now 
well known Ohm's law, he was professor of mathematics in the Jesuits’ 
College at Cologne. This work was so coldly received that Ohm’s 
susceptibilities were hurt, and he resigned his post at Cologne. For 
several years he earned a precarious livelihood until ho was appointed 
in the polytechnic school at Nuremberg in 1833. His work began to be 
recognised at that time and he got several honours including the Copley 
modal dnd foreign membership of the Royal Society. He died of apoplexy 
in 1854. 
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ductor between the points A and B. Its value depends on the 
material, dimensions and the temperature of the conductor, as 
we shall see later. 


Dropping the subscripts we may write equation 9.1 as 
V 
I=- 
R (9.2) 


This equation may be taken as the mathematical form of 
Ohm’s law. In applying this equation proper interpretation, as 
we have already explained, must be given to V and R. 

For convenience of application we may express equation 9.1 
or 9.2 as follows : 
potential difference 


Current = 
resistance 
Resistance — Potential difference 
current 


Potential difference = current x resistance. 

Ohm’s law as stated above applies to an undivided part of 
a circuit, i.e., to points of a conductor between which the current 
does not branch off, or in other words, to a part of a circuit 
through which the same current flows. 

Units of Resistance. In equation 9.2 R will be unity when 
both V and T are unity. Writing 

V 


I 
and expressing V and J in similar units we get the corresponding 
unit of R. 

(i) The practical unit of resistance is obtained when both V 
and J are one practical unit each. In honour of the discoverer 
of the law this unit of resistance is called the ohm. 

1 volt 
1 ampere 

The ohm is defined as the resistance of a conductor in which 
a current of one ampere is maintained by a potential difference 
of one volt. 

For convenience of measurement a modified definition of the 
ohm is accepted by international agreement. It is called the 
international ohm and is defined as the resistance offered to an 
unvarying electric current by a column of mercury at 0°C 
14°4521 gm in mass of a constant cross-section and of length 
106°3 cm. The cross-section comes out to be practically 1 sq. 
mm. ‘The international ohm closely represents the ohm defined 
above and the very slight difference that exists between them 
may be neglected at this stage. 


1 ohm = 
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The megohm represents a million ohms and the microhm, 
a millionth of an ohm. 
1 megohm = 10? ohms, 
1microhm = 10-9 ohm. 
(ii) The electromagnetic unit 0f resistance is given by 
1 e.m.u. of resistance (or 1 abohm) 
e.m.u. of potential difference 1 abvolt 


€.m.u, of current 1 abampere 
Now 1 volt- 10* abvolts, 
and I ampere=107" abampere, 


vec chm gr aie = 10° abohm or e.m.u. of resistance. 


1 
ord 


10. Resistance, 


In equation 9'1 we introduced the quantity Ras a factor of 
proportionality between the potential difference and the current 
and called it the resistance, It has an im 


fioance and expresses a fundamental property of conductors. 


an enormous one, 


When the ends of a wire are kept at different potentials, 
electrons drift* from the point of lower to the point of higher 


opposition to the flow of the charge. This opposition is known 
as the resistance of the wire, 


* According to our present day ideas a metallic conductor consists of 
atoms, or more exaetly, ions arranged in à regular goometrical manner. 
The geometrical pattern in which the ions aro arranged is called a lattice. 
Thus, ions in a lattice may occupy the corners of à cube and 
of the faces or the centro of the cube and so forth, 
binding with the ions, are froo to move about within 
lattice insuch a way that any small volume of the c 
noutral. Ata given temperature, the ions are th 
about their position of equilibrium. The electrons 
within the conductor collide frequently with 
energy appropriate to the temporature, 

When a potential difference ig sot u 
ductor, electrons acquire a motion in the direction of higher potential. 


the centres 
The electrons, not in 
i the interstices of the 
onduetor is electrically 
ought of as vibrating 
in their random motion 
tho ions and acquire kinetic 
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The strength of the current in the wire depends on the 
number of electrons which move past any cross section of the 
conductor. This depends on the p.d. between the ends of the 
wire as also on the wire itself. If the wire is thick more elec- 
trons will be available for flow than in a thinner one. Hence a 
thicker wire will have a lower resistance than a thinner one, 
other factors remaining the same. Then again, a longer wire 
will offer a greater resistance because of the longer path which 
electrons have to travel in it. Moreover, materials may differ 
in the number of electrons per unit volume available for flow. 


If thus appears that the resistance of a conductor under 
given physical conditions will have a fixed value determined by 
its length, cross section and material. From Ohm's law we find 
that the potential difference divided by the current in a conduc- 
tor under given physical conditions is also a constant. Hence 
it is appropriate to take this constant as a measure of the 
resistance of the conductor. 


Resistor. So far we have been using the word conductor 
for a body which conducts electricity. All such bodies are 
found to have a resistance, high or low, and offer an opposition 
to the flow of electricity through them, In discussions on 
current flow through such a body, it is this latter property 
which is of greater importance than the qualitative property 
implied by the word conductor. It is therefore more appro- 
priate to call the body a resistor, by which its property of 
offering resistance to the flow of current is emphasised. 


11. Resistivity of Specific Resistance. 


Taking wires of different length (J), cross sections (A), and 
materials, we can confirm the following results experimentally : 
(i) For wires of the sams material and cross section, the 
resistance is directly proportional to the length, or 
Rel, if A is constant. 
(ii) For wires of the same material and length, the resis- 
tance is inversely proportional to the cross section, or 


Bel, if | is constant. 


possess. An electron pro:oels a short distance frooly, then collides with an 
ion and gives up the kinetic energy it had gainal. It starts afrssh and 
undergoes the same changes, lt however moves progtessively in the 
direction of higher potential. 

éragé velosity of drift in this diroxion is noi large and is very 
i aln! than the random motion. Its value depends on various 
factors, such as tho applied p.d., the nature of the matorial, et», but it is 


ordinarily much less than 1 om. per sec. 


Part II—20 
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(i) For wires of the same length and cross section the 
vesistance depends on the material of the wire. 


The comparisons are supposed to be made at the same 
temperature. 


Combining (i) and (ii) we may write 


Ra I when both J and A vary. 
Hence R=pt (11.1) 


where the factor of proportionality depends upon the choice 
of units, the material of the conductor and its temperature. 
P is called the resistivity or the specific resistance of tho 
material. It is a characteristic property of the material which 
varies with the temperature. 

In defining resistivity from equation 11.1 we find that when 
l=1 em and A=1 sq. em, R=p. Hence we may say that 


The resistivity of specific resistance of a material is the 
resistance of a conductor made of the material, having a length 
of one centimetre and a cross section of one square centimetre, 


A cube of the material of side one centimetre (Fig. 18) is 

obviously a conductor of the 
above description, Hence we 
may also define resistivity or 
specific resistance as the resist- 
ance between the opposite faces 
of à cube of the material of side 
one centimetre. According to 
this definition it ig quite 
correct to say that resistivity 


is the resistance of a centimetre 
cube of the material, but entirely incorrect to say that it is 
the resistance of a cubic centimetre. For this reason resistivity 
is stated in some tables in "ohms per (cm)®”, But it is 
better (and safer too) to state it in ohm. em which expresses 


the correct dimensions of the quantity as is Shown below. 
From equation 11.1 


Fig. 18 


R ohms =p- em. 
A cm 


whence paid ohm. em, 
CONDUCTANCE is the reciprocal of resistance. Its unit is therefore 
(ohm)^*. This is sometimes called the "reciprocal ohm" or “mho”, 
CONDUCTIVITY is the reciprocal of resistivity. Its unit is (ohm. om)"* 
or “mho per cm”, 
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The following table gives the resistivities of some common 
metals. The values are affected by the presence of impurities, 
heat treatment etc. and should be taken as approximate. 

Table of Resistivities 
(in ohm. cm, at 20°C) 
ES 


Aluminium 3°21 x 107° | Constantan 49x 107° 
Copper 1°59 x 107° (60 Cu, 10 Ni) r* 
Gold 29/29 x 107° | Manganin 49x 107° 
Nickel 705x10-° | (84 Cu 4 Ni 12Mn) ^" 
Platinum 11°8 x 107° | Mercury 94x 107° 
Silver 1°55 x 107° | Nichrome 110 x 107° 
ES m SS ee vi a veces res ee 


In working out the numerical problems in this chapter, resis- 
tivity data may be taken from the above table. 


Examples; (1) Calculate the resistance of a copper wire 
1 metre long and 1 mm in diameter 
ont =p et: -ex 100 Lo. 
Solution: R P dau X x x (05)* 002 ohm. 
(2) Calculate the specific resistance of the material of a 
wire of diameter 1 mm when a length of 2 metres has a resist- 
ance of 106'8 ohms. 


Solution: p=Rx 4 
* 2 
-1068x ex (005) -4195x107* ohm. om. 


(8) What length of manganin wire will be required to cons- 
truct a resistance of 10 ohms if the diameter is (a) 2 mm, 
(b 0'2 mm? 


Solution: (a) In equation R=pl/A, we have R=10 ohm, 
2749x107? ohm. em (from the table), A=7 x (0'1)? sq. em. 
PENE BRxA_10x 7x (01)? _ 
(d ^p ^ 43x10 7482 cm. 


() 1-10xmx (002 74'893 om. 


49x10 * 


(4) One cubic centimetre of copper is (a) drawn into a 
uniform wire one metre long, (b) beaten into a uniform square 
sheet of side 1 metre. Calculate the resistance between the ends 
of the wire and between the opposite faces of the square sheet. 

Solution: (a) The cross section of the wire is 

= Volume _ 1 em? 


L—  — =0°01 sq. em. 
length 100 cm gr 
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The ‘resistance’ of the wire =p 1 =1'59 x 107° x 100 


=1'59 x 107? ohm. 


. = Volume _ 1 em? 
(b) The thickness of the sheet EU ton EDS ors 


=107* cm. 
In the case of the sheet 1=10~* em, A4=(100 cm)?. 
K R=159x10° x 10-159 x 107? ohm. 


[It will be seen that the resistance in (a) is 102° times 


greater than that in (b) though the volume of the material is 
the same in the both cases.] 


12. Variation of Resistance with Temperature. 


The specific resistance of a material is affected by tempera- 
ture. This may be ascribed to the increased thermal agitation 
of the atoms within the conductor at higher temperatures. 


The resistance of a metal is found to increase with tempera- 
ture and is practically due to the increase in the specific resis- 
tance. The change in resistance due to the change in size of 
the conductor brought about by the change in temperature, is 
80 small compared with the actual change that occurs that this 
effect may be neglected.* If the change of temperature is not 
large the resistance R at any temperature ¢°C is given by 

Ry 7 Ro(1 tat t+ Pert... ) (19.1) 
where Ro is the resistance at 0°C and a and f are constants 
for a given material. For still smaller variations of tempera- 
ture we may write 

R,=R,(1 +at) (19.9) 

a in this equation is called the temperature coefficient of 
resistance. For metals it is positive and is equal nearly to 
'004 per °C. For carbon and electrolytes it is negative. It is 
also negative for the so-called insulators. 


Table. Temperature Coefficient of Resistance (per °C) 


Aluminium ‘0042 | Constantan-'00004 to +‘00001 
Copper ‘00427 | Manganin ‘000002 to ‘00005 
Gold ‘00368 | Nichrome ‘00017 

Silver 00040 | Mercury “00086 

Platinum 000367 | Carbon — -'0005 


«If | is tho length and d the diameter of a wiro at somo lower 
tomperature and }' and d' their values at a temperature /^ higher, then 
Pal (14-«i) and d’=d (1--«), where <: is the cowfücient of linear ex- 
pansion in the appropriste units. If specific resistance romains unaltered, 
then the resistances at the two temperatures will be 
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The table shows that manganin has a negligibly small tem- 
perature co-efficient of resistance. For this reason manganin is 
used extensively in the construction of standard resistances and 
of other electrical instruments where constancy of resistance is 
important. 


The resistance thermometer. One of the 
best modern devices of measuring temperature 
is based on equation 12°1. The device, called a 
resistance thermometer, consists of a coil of fine 
wire (W, Fig. 19) usually of platinum or nickel, 
wound on a sheet of mica (M) and connected to 
two leads P,, Pa leading to the terminals P, P 
of the thermometer. Two leads C1, Ce, indenti- 
cal with P,, Pa and connected with the termi- 
nals C, C run side by side with Pı, P, and are 
joined together at the inner end. They are 
called compensating leads. "The leads are in- 
sulated from each other by separator Sı, Sq. 
The whole is enclosed in a procelain or hard 
£lass tube depending on the temperature to be 
measured. The interior is kept free from 
moisture. A 

To use the instrument the values of Ro, a 
and B (Eq. 1291) for the coil are determined 
by measuring its resistance at 0°C and two 
other known temperatures. The resistance R 
at the unknown temperature is then deter- 
mined. Substitution of these values in Hq. 
12°1 gives the value of t. It is a quadratic 
equation and will give two values of t, one of 
which will be found to be absurd. 


When the resistance between the terminals 
P, P is measured we get the resistance of the Fig. 19 
wire W as well as that of the leads P,, Pa. 
The compensating leads, C4, C; have resistance identical with 
that of the other leads. In measuring, things are so arranged 
that we get the difference in values of the resistance between 
the two pairs of terminals P, P and Q, C. 


Be and Be 


Bu i 
— We =(1+«t)x -1— + 
or F exe (14-«t) arent 1-«t nearly. 
This shows that the resistance at the higher temperature will be lower; 
but in reality it is higher in the case of metals. Moreover, the magnitude 
of the change indicated by the above is generally much smaller than what 


is observed. 
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A change of temperature of 0°001°C or less may be measured 
with it, When properly constructed and used it can accurately 
measure temperatures with the approximate range -200°C to 
1000°C or even higher. 


Superconductivity. The resistance of most metals, such as 
platinum, gold, copper etc., diminishes as the temperature 
falls, and gradually approaches the value zero as the absolute 
zero of temperature is approached. 


But sevoral metals practically lose their resistance suddenly 
at a very low temperature. For mercury it occurs at 4°99° K. 
Its resistance at that temperature falls to 107** of its value at 
0°C. This phenomenon of a metal suddenly losing all 
its resistance at a very low temperature is called superconducti- 
` vity. The property is exhibited by lead, tin and a few other 
metals. Because of the lack of resistance a current started 
in a superconducting ring will continue for days even when 
the source of emf is removed. The discovery was made by 
Kammerlingh Onnes, a Dutch physicist, in 1911. Many alloys 
have been found to exhibit the same property. 


13, Resistances in Series. 


Whon a number of conductors are so arranged that one end 

of the first is connected with one end of the second, the free 
end hr second with 

one end of the third and 

CA Ri P Re aS B so on, they are said to be 
H WW T WWW WWW ; connected in series. Fig. 20 
Mee Mem shows three conductors 
AP, PQand QB connected 

together in series. If a 


c ANA B potential difference V is 


applied between their 


Ene y aara d . bet A 
V= ends, i.e., between A and 
shen tad MIS B, the eurrent C will be 
Fig 20 the same through all of 


74 «c ^ them. The three conduc- 
tors of individual resistances R,, Ra and Rs act as a single 


NY of value R. We shall find the relation between 
them. 

Let Vi, Va and Vg be respectively the potential differences 
between A and P, P and Q, Q and B, i.e, between the ends 
of the individual conductors. C is the current through each. 
Then by Ohm's law 

Vi =CR,, V, -CR,, V, OR, 

The potential difference between A and B is equal to the 

sum of the p.d's between A and P, P and Q, Q and B. 
VeVi*V.*Vs, 
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Since R is the effective resist b 
han dee NET ance between A and B we 


ys 
7. ORC OR, * OR, *CR, 
x RAE Ha TRE (13.1) 


Woe therefore get the result that the effective or equivalent 
resistance of à number of conductors in series is equal to the 
sum of the resistances of the individual conductor. The result 
applies to any number of conductors in series. If instead of 
the three resistances Ri, Ra and Rs we connected the points 
A and B by a single conductor of resistance R= Ry t RS Hs, 
the current between A and B will be the same in the two cases 
for a given p.d. between A and B. 


14. Resistances in Parallel. 


When one end of each of a number of conductors is con- 
nected together to the same point and the other end of each 
to another point, the conduc- 
tors are said to be connected 
in parallel. Fig. 91 shows 
three conductors so connected 
between the points A and B. 
The effective or equivalent res- 
istance between A and B will 1 
be less than that bf any one of i 
them as the electrons get addi- | 
tional paths fo move from one | 
point to the other. The cur- 
rent from A to B divides itself iun Ve Va Ve Vn 
at A and a part flows through " 


each conductor. Le& Ci, Os, R 
Ca be the currents in them and AWWW 


Ri 


Q the total current. Then i 1 
0-0, * 0, * Os (14.1) 1o --- ml 
Since V is the p.d. between H 

A and B, we have by Ohm's Fig. 21 

law 

y20,R, 7 C4Ra 7 Css (14.2) 


o UO- 0,7 T. on E- 


The equivalent resistance R between A and B is given by 
Ohm's law 
R " or C R 
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From Eq. 14.1 we then have 


Be M SESS NALE aye GEB) 


This shows that the reciprocal of the equivalent resistance 
of a number of conductors in parallel is equal to the sum of 
the reciprocals of the component resistances. 

The reciprocal of resistance is called conductance. Hence 
we may say that the equivalent conductance of a number of 
conductors in parallel is equal to the sum of the conduc- 
tances of the components. The relation applies to any number 
of conductors in parallel. 

Two resistances in parallel. The case of two parallel resis- 
tances is of frequent occurrence and deserves separate 
treatment. When a conductor is connected in parallel with 
another, it is said to act as a shunt to the latter. If Ry and 
R, are their resistances, the equivalent resistance R when they 
are in parallel, is given by 


(144) 


ie. the equivalent resistance of 
two conductors in parallel is equal 
to the product of the resistances 
divided by their sum: 


The division of current between 
two parallel resistances is indicated 
in Fig. 22. The main current C 

Fig. 22 divides into C, and Og. Since the 

potential drop between A and JB is 

the same whether calculated for the upper or the lower branch, 
it follows that C,R,-0,R,, or 


2 -fe * (14.5) 


showing that the currents in the branches are inversely 
proportional to their resistances. 


Further C7 C, +0,. (14.6) 
Solving 14.5 and 14.6 for C, and C, we find 
à R R 
0,=Cx 3 = E 
1 Rir R, and C,=Cx EG, (14.7) 


For any number of resistances in parallel we can write from 
Fig. 21 that 
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V- OR 0,R, -C,R, - O,R, ote. 
0, - 0E. , o, - 0B. C, 0E. oto, (14.8) 
2 R, Rs 


Tt is clear that when the branch resistances are equal, the 
current is equally divided between them. 


It should be noticed that the equivalent resistance when 
conductors are in parallel is lower than the lowest of the com- 
ponent resistances. 

Ezamples. (1) Two resistances of values 5 and 7 ohms are connected 
in parallel. Find their equivalent resistance. 

If a ourrent of 8 amperes is divided between them, what will be tho 
current in cach ? Find also the p.d. between their common terminals. 


BiB,- {5x1 BBE oar Gime! 


Solution: R= Pia. 
NURON: Se Rie MOERS 


Current in the 5 ohm branch=3x a =175 amp. 


HFT 
Ar " 78% [5 amp 


” ” 


P.D. across the common terminals=C,R,(=C,R,=CR)  , 
=1'75X5=8'75 volts. 


(2) Three resistances 10, 20 and 80 ohms are in parallel. If the current 
through the first is 10 amps, find the values in the other two, What is 
(a) the equivalent resistance, (b) the total current ? i 


bis WAC Taine NS 5 | 
Asiti R=55 ohms. 
Solution : $7306 39^. 60 or 


Terminal p.d. for the 10 ohm wire 
=10 ohmx10 amp=100 volte 
But this is commn to all of them 


.. Current in the 20 ohm wire = ies amp and in the 80 chm wire 


Wes amp. Total current=10+5+34=81$ amp. 


15. Flow of Current through a Simple Circuit : 
Internal Resistance. 

A battery or a generator is a seat of emf. In the former a 
potential difference is set up. between the terminals by chemi- 
cal action and in the latter by electromagnetic induction (see 
Chapters VIII and IX). The emf is measured by the potential 
difference set up when the battery or the generator is not 


delivering current. 
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When the terminals are connected together externally by a 
resistor, an electric current flows through it. The flow of cur- 
rent in the circuit may be compared with the flow of water 


DD, 


2 fA 
(KR 4 
cx 


2 

f 

K 4 
[A 

4 Y 


CIILA 


Fig. 23 


through a closed pipe line which is already full (Fig. 23). As 
the pump rotates, water is forced into one end of the pipe. At 
the same time an equal amount of water is forced out at the 
other end and enters the pump. The .am? amount of water 
flows through the pump in a given time as through the pipe, 
since the entire path including the interior of the pump is 
already full and water cannot accumulate anywhere. 


The same picture applies to the flow of charge through the 
closed circuit consisting of the battery (or the generator) and 
the external resistor. As soon as the circuit is completed 
electric charge is forced into one end of the resistor and prac- 
tically at fhe same instant an equal amount of charge drifts 
everywhere passed any cross section of the circuit including the 
interior of the battery. This flow continues so long as the 
circuit is closed and the emf is there. The electric current 
has the-same value all round this simple circuit including 
the interior of the battery (or the generator). 


Internf resistance. The electrolyte of the battery confined 
between the electrodes carries the same current as the external 
resistor. This portion has a resistance of its own depending on 
the distance between the elgetrodes, thbir area and the specific 
resistance of the electrolyte. This resistance is called the 
internal resistance of the battery. In the case of a generator the 
internal resistance is that of the windings of its armature. Tho 
resistance within the source, whether battery or generator, is 
usually small but may not be negligible. It depends on the 
construction. In a cell when the electrodes are of large area 
and near together, the internal resistance is small. It also 
depends on the condition of the cell, i.e, on its freshness or 
exhaustion. Some average and approximate values of the 
internal resistance of some cells are given below 


Daniell cell .. 0'3 to 15 ohms. 
Leclanche cell — 1 to 5 ohms. 
Dry cell .. O1 to 0'5 ohm. 
Lead storage cell 

(medium size) +» about 0°01 ohm. 


Alkali cell (medium size) ... 
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16. Ohm's Law applied to Simple Circuits. 


In applying Ohm’s law to a simple circuit | 
that the emf within the cell is directed from ore ONE 
the positive electrode. When the cell is not delivering current 
this emf sets up a potential difference E between the terminals. 
This is taken as a measure of the emf. Thus E is the 
numerical value of the emf, but its direction within the cell is 
from the negative to the positive electrode (Fig. 24a). 


Current-] 


- ---rl----5 ] 


No Current 


ly —— SEO 
æ- Eo (externally) - 
Fig. 24(a) Fig. 24(b) 


When the cell drives a current Z round the circuit, the 
current flows through the cell from the negative to the positive 
pole. Let the resistance between the electrodes, i.e., the inter- 
nal resistance of the cell, be r. Then the potential difference 
required to drive a current J through the resistance r is rI. 
Of the total emf E a part equal to 7| is utilised in sending 
the current through the cell. Hence the balance available for 
driving the current through the external resistor of value R 
is E-rl (Big. 94b) Then by Ohm's law we shall have 


RI=H-rI (16.1) 
E 
or I= zT (16.2) 
i.e., Current = EMF. 


External resistance + Internal resistance’ 


Inter drop of potential. When a current T is flowing round 
the circuit, Eq. 16.1 shows that the potential difference 
between the ends of the external resistor, i.e., between the 
terminals of the cell, is RI=H-rI. This value is lower than 
the value Æ which the cell has when it is in open circuit. 

This fall of p.d. between the terminals of a cell which occurs 
when the circuit is closed, may be demonstrated by a good 
voltmeter. 

Tae change of potential difference which occurs between the 
torminis of a cell when the circuit is closed, i.e., the value rl, 
is called the inner drop of potential. It is the p.d. required 
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to drive the current withi 
as r or I increases. 


In place of single cell we may have a battery or a gene- 
rator E and r will then be values for the entire battery or 
the generator. 

Examples (1) A battery of emf 6 volts and internal resistance 2 ohms 


sends a current of à ampere through an external resistor. Find the outside- 
resistance, the inner drop of potential and the terminal p.d. 


Solution: From the relation r= Æ 


R+r 


n the cell and its magnitude increases: 


we have $2 E whence R=10 ohms. 
Rr 


Inner drop 7 battery resistance X current 
72 ohmsx4ampere=1 volt 

Terminal p.d. = External resistance x current 

=10X$=5 volts. 

(2) When a cell of emt 2 volts sends a curren 
terminal p.d, is found to fall to l'8 vol 
external resistance. J 

Solution : The terminal p.d. is 18 volts when a current of 4 amp. 
is driven through the external resistance R. 

Hence by Ohm's law Rx3=18, or R-2'7 ohms, 

The inner drop of potential is 2—18-'2 volt, 

Hence internal resistance X current=" volt, 

or rX3="2, ie. r—'3 ohm. 


ye oe | CONSUMERS: 


DYNAMO veohm ^7 | 


"04 (o veta | CIRCUIT ; 
ek ce ee 


= 


t of $ ampere, its: 
ts, Calculate the internal and 


Fig. 95. 


(3) A dynamo (Fig. 25) has an internal resistance of ‘04 ohm and 
shows a terminal p.d. of 200 volts when in open circuit, When connected 
to the main, whose total resistance including the lead and the raturn is 
‘05 ohm, the current is found to be 100 amperes, Calculate (i) the p.d, 
required to drive the current through the dynamo, (ii) its terminal p.d, 
in closed circuit, (iii) the p.d. required to drive the current through the 


mains, (ir) the p.d. available to consumer and (v) the resistance at the 
consumer's end. 


Solution: (i) P D, to drive the current through the dynamo 


=resistance of the dynamo X current through it 
="04x 10074 volts, 
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(ii) Terminal p.d. in closed circuit 
=terminal p.d. in open circuit—inner drop of p.d, 
2200—42196 volts. 
(iii) P.D. required to drive current through mains 
z resistance of mains x current through mains 
='05X 10025 volts, 
(iv) P.D, available at the consumer's end 
7 Teminal p.d. in closed circuit—p.d, to drive current through mains 
27196-52191 volts. 
(v) Resistance at the consumer's end 


= På. at consumer's end 191, 1.91 
"00 1°91 ohms. 


current in consumer's circuit 


17. Grouping of Cells. 

When a group of cells forming a battery is used to drive a 
current through a circuit, the cells in it are ordinarily arranged 
(i) in series, (ii) in parallel or (iii) in a combination of both. 

(i) Cells in series. As has already been explained in §8 
the emf of a number of cells in series is equal to the sum of 
the emí's of the individuals. Since their internal resistance are 
also in series, the total internal resistance is the sum of the 
individual resistances. The cells need not be identical. 

It is clear that for cells in series, both emf and internal 
resistance are higher than that of any one of the cells. 

E.M.F.= XE ; Internal resistance = Er. 

(ii) Cells in parallel. We shall consider only the case 
where the cells are identical in the value of the emf and of 
the internal resistance. Otherwise the problem becomes com- 
plicated. The effective emf is the same as that of any one of 
the cells ($8) But their resistances are now in parallel. Hence 
the equivalent resistance of the battery may be calculated from 
‘the law of parallel resistances. If there are n identical cells 
of internal resistance 7 each, the equivalent resistance is easily 
seen to be r/n. 

1 LN 
MÀ m eps tan TEN $ 
Equiv. resistance r r to stoi 

E.M.F.—- E; Internal resistance=r/n; I=sum of currents 
through cells. 

For n identical cells of emf Æ and internal resistance r 
each, driving a current through an external resistor E, the 
value of the current is given by 


I= AE when the cells are in series 
nrtR 


E . nE : 
and d eth EZ when the cells are in parallel. 
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A comparison of the currents in the two cases will show 
that when R>r, the current in the external circuit will be 
greater when the cells are connected in series. But when 
R<r, the current will be greater if the cells are connected 
in parallel. This will be clear from the worked examples that 
follow. 

It should be noted that when the cells are in series the 
same current as in the external circuit passes through all of 
them. But cells in parallel, the cells share the external 
current equally when they are identical. 

Worked Examples. (1) A battery of 3 identical Leclanche cells, each 
of emf 1°5 volts and internal resistance 2 ohms, are connected in series. 
(Fig. 26), The terminals of the battery are 
connected to an external resistance R of 
value (a) 1 ohm, (¢) 6 ohms. Find the 
current through each cell in both cases, 

Solution: Since the cells are in series 
the total emf is the sum of the emf's of 
individual cells (§ 8. Hence E=4'5 volts, 

The internal resistances are also in series, 
Hence the total internal resistance r=6 
ohms, 

(a) When R=1, the current in the circuit is 


E £5 
ina =" 
Re Lee 64 amp (nearly), 


This is the current everywhere in the circ 


uit, and hence also through each 
of the cells. 


45 - 
R=6, In-59 =: e B 
(b) When , ere 875+amp 


(2) In the above problem find the current through each cell. in the two 
cases, when the cells are in parallel (Fig, 27). 

Solution: Since the cells are identical 
and in parallel, the effective emf is the 
samo as that of any one of them, ie, 
1'5 volts, But their resistances are in 
parallel, Hence the effective total internal 
resistance is given by 


l-bed or r=$ ohm. 


It therofore reduces to the case of a 
battery of emf 1°5 volts and internal 
resistance $ ohm, 


21, I= 15 .. 
(a) When R=1, I ini 9 amp. 
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The total current is the sum of the currents contributed by each cell, 
Since they are identical the current through exch is one-third of the total 
value. 

() When R=6, T= a5 amp. 

(ii) Mixed Grouping of Cells. A group of cells may be 
arranged partly in series and partly in parallel to form a battery. 
The voltage of the battery and its total internal resistance 
depend upon the way in which the cells are connected. We 
shall consider the case of mx» identical cells where m and 
n are integers. 


Suppose a number n of the cells are connected together in 
series (Fig. 28). If E is the emf and r the internal resistance 
of each, the total emf of the 7 cells in series will be nE and 
the total internal resistance mr. This group will act as a 
single cell of emf nE and resistance mr. 

The available cells may be arranged into-m such groups. If 
the groups are connected in parallel as shown in Fig. 28, they 
will behave like m cells, each of emf nE and resistance mr, in 
parallel. The effective emf between A and B will then be nE, 
but the resistance between them due to the groups will be that 
of m resistances, each of value mr, parallel. This value is 


easily seen to be. 
m 


Thus arranging mX n cells in m parallel groups, each con- 
taining n cells in series, between A and B, we shall haye 
between A and B a potential difference of nE and a resistance 
nrim. This is equivalent to having a single cell of emf nE and 
resistance nr/m between A and B. 


In the terminals A and B of the battery be joined exter- 
nally by a resistor E, the current in the external circuit will be 
nE mnE 


I ap tn ne 
m 
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Maximum Current. For given values of E, r and R, the 
current though E will be a maximum if we can arrange nrm 


to be equal to R. 
The proof is as follows : 
mnE mnE 


nr mR = Jnr — JmR)*® + 9 JmnrR 

I is greatest when the denominator has the least value, i.e. 
when nr=mR or R=nr/m. But n/m is the internal resistance 
of the battery. Hence the current through a given external 
resistance will be a maximum when a battery of given number 
of cells is arranged to make its total internal resistance 
equal to the given external resistance. 


In case the equality cannot be brought about the current 
will have the maximum possible value when the internal and 
the external resistances are nearest in value. 

EXAMPLES. (1) A battery of 48 identical cells, each of emf 1°5 volts 
and internal resistance 2 ohns, is available for sending a current through 
an external resistance of 6 ohms. How will you arrange the cells so that 
the current may be a maximum? Find ‘the value of the current. 

Solution: If n cells are connected in series forming m groups which 
are connected in parallel, the internal resistance will be nr/m=2nlm. Wo 
have to make 2n/m=R=6. Further we have mxXn=48 or m=48/n 


Qn, 8 


S 6=— a mn? 
m 48 


when n=12 and m=4 
Hence, the current will be maximum when the battery is formed by 
having 12 cells in series, 4 such groups being in parallel, 


48X18 — L5 am 


Th ürrente ———7—27 .. 
e maximum curren Srey rarer 


(Note: As an exercise the reader may evaluate the current for other 
possible groupings. When all of them are in series the current is about 
"i amp; when all are in parallel the current is about “25 amp.) 


(3) A battery of 60 identical cells as in the above problem is available 
to send a current through a resistance of 8 ohms. How wil the cells be 
arranged to give the maximum current ? 

Solution : Proceeding as in the above problem we find n= /240=15'5 
(nearly). The nearest submultiple of 60 is 15, So wo arrange 15 colls in 
series and connect 4 such groups in parallel, Then 

2 00x15 
15x2-4x8 
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18. Simple Network Problems, 


In the problems we have so far considered, the external'cireuit 
was implicitly taken to consist of a single resiktor of value R. It 
may however be made up in very many complicated ways in 
which resistors occur in series, in parallel or in various combina- 
tions of both. 

(i) External circuit consisting of resistors in series. Tot ug 
first consider the case of a circuit which is made up of a number 


v 
4 8 i x 
ID 
Fig. 29 


i $ , 
istors in series. To fix our ideas let the external part o 
| firent consist of three resistances, 6, 2*and 8 ohms in series 
to which a battery of 8 volts and negligible internal resistance 
hoot en connected (Fig. 29). The three resistors have an equi- 
valent resistance of 6 +2 +8=16 ohms. Then by equation 162 

we have, since r is negligible, 
f 8 
y d 16 
This rrent can be measured with the help of an ammeter pro- 
1 innooi in the circuit. Its reading will be 4A (amp). 
Ponte top left of the figure the double circle represents an 


Part I1—21 


—lamp, 
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ammeter ; the other double circles represent voltmeters). The 
current has the same value all round a simple series circuit 
as this one. It can be verified by connecting the ammeter to 
different places in the circuit. Everywhere it will read 5 amp. 


To drive a current of 3 amp. through a resistance of 6 o 
(w is the symbol of an ohm) requires, by Ohm's law, a p. d. of d 
amp X 6 ohms=3 volts. Hence the p.d. between the ends of the 
ë c resistor will be 3 volts. The p.d.'s between the terminals of 
the 2w and 8w resistors will similarly be 1 volt and 4 volts res- 
pectively. These volts could be checked by connecting volt- 
meters across the resistors as shown in the figure. 

Since the inner drop of potential is negligible a voltmeter 
connected across the poles of the battery will show practically 8 
volts. 

In general, if resistances R,, Re, Rs etc. connected in series 
make up the external circuit, they are equivalent toa single 
resistance E — R, - R, Rg 4- ...... When s battery of emf # and 
internal resistance r is connected to this circuit the. ofrent will 
be given by 


E E 
E th Le 18.1 
r+R r+R, TBR.G-BR.QT-eeee ( ) | 
or E-Ir-IBictIB,t-IBRg-4---- asah 


Now Ir = inner drop of potential, 
IRı =V, =drop of potential between the ends of resistor Ri, 


IR». =V.=drop of potential between the ends of resistor Ra, 
and so on. 
V,_R, 
Further, — 7. etc., or V, : Ys: Vs=R,: B.E, 
Va Re 

We may, therefore, make the statement that in a simple 
series circuit the emf sets wp, between the terminals of different 
resistors, potential differences which are proportional to the 
resistances. The sum of these p.d’s is equal to the emf, 
as may be seen from equation 18.2. 

In connection with series circuits ;; should be remembered 
that : 

1, The current is the same in every part of a series circuit, 
This may be verified by conneting an ammeter at different 
places of the circuit. The result is obvious, for if the current 
flowing towards a point of the circuit were different from that 
flowing away from it, there will be an accumulation of charge 
at that point. There is no evidence of any such accumulation 
of charge in a circuit, 

2. The total resistance in a series circuit is the sum of 
the individual resistances, including that of the cell. 


Ww 
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3. The voltage across any part of a series circuit is propor- 
tional to resistance of that part. 


4, The current in the circuit is independent of the relative 
positions of the resistors in series. It does not matter which 


resistance is nearest to the positive pole or which one is away- 
Examples. (1) Three resistances of 100, 200 and 300 ohms are con 
hected in series across 100 volt mains, Calculate the p.d. across each. 


Solution : Current in the circuit= TN. UNE 
total resistance 


100 1 
orans 6 "P 


P.D. across 100 w resistance = 100 x 1/6=163 volts 
» 200 w a -200x1/0233]  » 
„ 9000 FS =300 x 1/6=50 "* 


(2) Resistances 2, 3 and 4 ohms are connected in series across of à 
battery of 4 Leclanche cells in series each having an emf of 1°5 volts 
and an internal resistance of ‘25 ohm. Calculate the terminal p.d. of 


the battery. 

Solution: Current in the TERCIO EE -'6 amp. 

4x 25+(2+3+4) 

Inner drop- total internal resistance x current = 4x25 x 626 volt 

^. Terminal p.d.- 6—:6—54 volts. 

Or, Total external resistance=2+3+4=9 ohms ; current="6 amp; 

;. Terminal p.d.=9 x 6-54 volts. 

(ii) External circuit consisting of resistances in parallel. Let 
the poles of a battery of emf E and internal resistance T be con- 


nected externally by ‘resistances Ri, Ra, Bs ete. in parallel 


Fig. 30 


(Both figures show the same connection in parallel). 
(Fig. 30) The external circuit is then equivalent toa single 


resistance E given by 
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= SS 4+4 + "TM 
A A HEU 
/ The current 7 driven by the battery will then be 
E 
D 18. 8) 
z r+R ( 
If I,, Is, Is etc. be the currents through the branches 
I=, +Igt+Ig+.+:....0 (18.4) 


The inner drop of'potentialis Ir. Hence the terminal p. d. 
ofthe battery, i.e. of all the resistors is E — Ir. Hence 


E-Ir. =B-Ir, , QE-Ir 
rA $ da E det] R, ete. (18.5) 


In connection with parallel circuits jt should be remembered 
that 


l. The total eurrent through the combination is the sum 
of the currents through the branches. 


2. The potential difference across the branches is the same 
for all. 


8. The currents through the branches are inversely pro- 
portional to the branch resistances and equal to the terminal p.d, 
divided by the branch resistance. 

ExaMPLES. (1) Two resistances 2w and 3w each are connected in 


parallel to the poles of a battery of emf 6 volts and internal resistance 
le. Find the currents through the resistances and through the battery. 


Solution : The equivalent external resistance is 6/5 ohm. 


E i= 


6 30 
+ The total curront (through the battery) 1x65" ii amp. 
30 30, i .90. 36 
Inner drops; x1 i volts. Terminal p.d, «6 n" volts. 


~ han sal 2 LS 
m Ty m+? ji ^mP and J, i^? jj "np. 
(Note. In the simple problom calculation of terminal p.d. is un- 
necessary. Since the total current is known, the currents in the branches 
may be found from equation 14.7.) 


(iii) External circuit more complicated, A circuit in which 
the resistances occur partly in series and partly in parallel is 
called a network, 

In the network shown in Fig. 81, the resistances 10» and 5o 
aro in series forming a single resistance of value 15». This is in 
parallel with the lw resistance. Hence the equivalent resistance 
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nio. 15 ; A 
154-1 = i ag This and the 10w resis- 
tance between Aand B are in series with the cell of emf 15V 


and internal resistance lw. 


between C and D= 


D 
|o aMéo 
t.-="II7 Volt-- -—» 

Fig.31(à) . Fig. 31(b) 


Hence the current supplied by the battery is 
I= emf "» 15 ai 
total resistance 10+15/16+1 191 


This is the current everywhere in the circuit except in the 
branches between C and D, where it is divided. Along the branch 


amp. 


OF D the current is —+ x 1, amp (vide Eq. 14°7). In the branch 


191 16 
- 94 15 
D th tis 24 x15 amp. 
eG e current is jo x 7g amp 
The p.d. between A and B (resistance 100) = 10x 35 =1'25 
volts. 
24 1 " 
t i = <x O78 
The p.d. between Cand F (resistance 10w) = 10 x 191 16 
volt. 
The p.d. between C and D=total current between C and D 
: 24 16H. 
x Ma am Se : 
total resistance between O and D 191" 16 117 volt 


Fig. 31(b) shows the simplified series circuit equivalent to 
the network in Fig. 31(a). 


(iv) Cells in conjunction and in opposition. When cells in a 
circuit are so arranged that they tend to drive a current in the 
same direction round the circuit (Fig. 82a), they are said to act 
in conjunction, Tf they tend to drive current in opposite direc- 
tions (Fig. 89b) they are said to act in opposition. In conjune- 
tion, the effective emf is the sum of the individual emf's. For 
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two cells in opposition the effective emf is the difference of the 
two, the current being driven in the direction of the higher emf. 


£i 
R; Re 
Rn Re 
E F= 
E F2 
Fig. 32(a) Fig. 32(b) 


EXAMPLES, (l) In Figs. 32(a) and 32(b) E,=2 volts. E,=15 volt, 
R,=10 ohms, R,=15 ohms. The internal rosistances are negligible., 
Calculate the currents in tho two casos. 

Solution: In Fig. 32(a) the cells are in conjunction, Hence the 
total emf. is 2+1:5=3'5 volts. Total resistanco—25 ohms. 


MS Current 55.14 amp. 
In Fig 32(b) the cells aro in opposition. 


Current Fa oa 02 amp in tho direction of E,. 


(2) A battery drives a current of :325 amp through an external 
circuit of resistance 19:5 ohms when it is in conjunction with a Leclanche 
cell of emf 1*5 volts and resistance 0'5 ohms. When the Leclanche cell 
is in opposition the current is ‘175 amp. Find the emf and internal 
resistance of the battery. 

Solution: Let E and r be the values sought. 


ELS 
Thon :325- L5 7522-15 
$ TM "beue 


Solving E—5 volts and r=0, 


[ Whether tho cells are in opposition or conjunction, note that their 
resistances are always additive. ] 


19, Electromotive Force and Potential Difference, 


The electromotive force in an electric cell has been defined 
as an agency which brings about a transference of charge bet- 
ween the electrodes of the cell. In analysing the action of a 
cell we found that the transference is due to the difference of 
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solution pressure and osmotic pressure of the ions in the cell. 
Transference of charge comes to a stop when the potential 
difference between the electrodes reaches a certain value de- 
pending on the chemicals and the material of the electrodes. 
The emf ofa cell is measured by this potential difference. 
The energy required for the transfer of charge between the 
electrodes is supplied by chemical action. 

The above shows that an emf is a physical quantity of the 
same kind as potential difference. It should therefore be de- 
fined accordingly. We may say that the electromotive force of a 
cell is the ek done by the perf transferring unit charge from 
one pole to the other, 

The charge so transferred from pole to pole by the source 
acquires potential energy equal to the work done on it by the 
source. When the poles are connected externally by a con- 
ductor, the charge moves down the gradient of potential along 
the external conductor and does work. We shall see later that 
this work appearsas heat in the conductor or as mechanical 
work if the external circuit contains a motor. 

The action of the emf in transferring a charge may be com- 
pared with the lifting ofa load against gravity. When this load 
gravitates down a slope it can do work. In the same way the 
‘elevated’ charge does work when it ‘gravitates’ down the gradient 

„of potential along the external conductor. 

If E is the emf of a source, V the p.d. between its terminals 
and v the inner drop of potential ‘when it is driving a current, 
we have 

E=V+v 
Tf a charge q is taken once completely round the circuit 
Eq= work done on the charge by the source, 
Vq= work done on the external circuit by the charge, 
vq= work done within the cell by the charge. 

The emf of a source is a directed quantity Within a cell it 
always acts from the negative towards the positive pole. 

The distinction between emf and potential difference may be 
expressed in the following manner : 

Whenever there is introduced into any part of an electrical 
eircwit another form of energy capable of being converted into 
electrical energy, we say that an emf is acting in the circuit. — 

The action of the emf is to bring about a separation of charge 
and thereby create a potential diference, which it maintains at 
the cost of the other form of energy. Emf is measured by the 
på. it sels up. 

If between amy two points of a circuit electrical energy is 
converted into any other form of energy, we say that there is æ 
potential difference between the points. 
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The emf does work on a charge; the charge does work in 
falling through a potential difference. 
20. Potential drop along a conductor containing a source 


of emf. 


When a current flows through a conductor which has a 
source of emf in it (Figs. 33 and 84), the p.d. between its ends 
is the combined effect of the emf and the ohmic drop of poten- 
tial across it. Let a current 7 be driven through a conductor AB 
(Fig. 88a) by an external battery. AB contains in it a seat CD 
emf of negligible internal resistance. If we confine our attention 


in E 
s] p—s. ->f C e ` e>. 
Pelenai Ace ' | ' 

iia RI-E ~ eae 
(e (a) 
Dc Ma 
cH 
A - ye 
1 É) ie A (B) B 
Fig. 33 Fig. 34 


to the* resistance only, there would be a potential difference of 
RI (the ohmic drop of potential) across it with A as the high 
potential end. If we ignore the resistance and consider only the 
emf, A will be at a potential Æ higher than B. The two p-d's 
act in the same direction. Hence the p.d. between A and B is 


V^ —V»2 RITE. 


i If E is reversed (Fig. 31a) other things remaining the same 
then 


Va- Vs- RI- E. 

Figures 33(b) and 34(b) represent the change of potential 
along AB. 

In Fig. 33a) a charge q in flowing from O to D moves in 
opposition to the emf E and does an amount of work Eg on the 
source. If this source (OD) is a cell, its store of chemical energy 
increases by that amount. 

In Fig. 34(a) as a charge q moves from O to D, the emf E 
does Eq amount of work on the charge, whose potential energy 
increases by the same amount. In moving along AB the charge 
q was spending from its store of potential energy that it gained 
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from the battery (not shown), As it moves in the direction of 
theemf E in AB it gets an addition to its stock of potential 
energy. CD loses chemical energy to the extent of Eg. 


*21. Kirchhoff's Laws on the Distribution of Current in a 
Network of Conductors. 

In thenetwork problems previously considered we reduced 
the network into a simple series circuit and solved for the current 
by Ohm's law. But in more complex networks such reduction is 
not possible (as may be seen by joining Fand G in Fig. 31 by 
a resistor). 

Any network problem ean however be solved by means of 
Kirchhoff’s laws, which may be stated as follows : 

Lawl. The algebraic sum of the currents meeting at a 
point in a network of conductors is zero, 

Law 2. The algebraic sum of the products of the current 
and resistance in the different branches of a mesh in a network of 
conductors, taken round the mesh in a prescribed direction, is 
equal to the emf acting round the mesh in that direction, 

Explanation of Law 1, This law follows from the fact that 
when current flows steadily in a circuit, there is no accumulation 
of electric charge at any part of the circuit. As much charge 
flows towards any section of a conductor as flows away from it ; 
otherwise there will be an accumulation of charge at that section. 


Fig.'35 


In applying law 1to any point of the circuit the currents 
flowing towards the point are taken as positive and those away 
from it as negative. Applying the law to point A of Fig. 46 we 
have I,+Ig-Is-Ig=0 
At the point D -I,-I,+I,=0 

Explanation of Law 2. By the term ‘mesh’ we mean any 
closed path ina network. Thus ABCDFGA forms a mesh in 
Fig. 35 (the rest of the network is not shown). In applying law 2 
to a mesh we first decide on moving round the mesh in a pres- 
cribed sense. Suppose the sense is anticlockwise. The currents 
in the branches of the mesh which flow in this direction are 
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taken as positive ; those against as negative. The same applies 
to the emí's in the mesh, 

Intaking the product of resistance and current (to be sub- 
séquently called the r.i. product or the ri-drop) in the branches 
of the mesh, we find that the current in the branch DOBA is 
the same everywhere and equal to 7,. Let the resistance of 
this part be R,. Similarly, the current in the branch AGFD 
is Ia, and its resistance Ry. The emf E, acts in the anticlockwise 
sense round the mesh, i.e., tends to drivea current round the 
mesh in the above direction. ZH, acts in the opposite sense. 
Further J, is anticlockwise and I, is opposite thereto. Hence 
from Kirehhoff’s 2nd law 


Ril, — Role=E, -Ea 


Fig. 36 Fig. 37 
ExAMPLES. (1) Two cells of emf 1°5 volts each and of internal 
resistance lw and 2w respectively are connected in parallel to an external 
circuit of resistance 2e. The connecting wires of the cells have resis- 
tance ‘Olw each (Fig. 36). Calculate the current through each cell. 
Solution: Suppose that the currents driven by the cells are č, and 
i, each directed away from the positive pole externally. Applying 
Kirchhoff's 1st law to the point B, we find that the current in the branch 
BHJF=i,+4,. 
Applying the second law to the mesh ABHJFGA we get 
i Xx 102+ 28, +4,)=15 
Similarly, from the mesh CBHJFDC, we get 
ix 2:02-F-26, +i) 2 1:5 
Solving for č, and č, from these equations we have 
4229 aul DEA 
814 15g SP: 
(2) Two celis have omf's 2v and I/5v. The internal resistance is 
lohm each. Their positive poles A and B are connected by a uniform 
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wire of resistance 10w and the negative poles C and D by a similar wire 
of resistance 6w, The middle points Fand G of these wires are connected 
by a resistance of 2m, Find the p.d. between F and G. 


Solution: Refer to Fig. 37 and lay down the current as shown. 
Applying Kirchhoff's second law the mesh AFGCA we get 

(54-3-- 1)i, +26, +4,)=2 
From the mesh BFGDB, wo have 

(G 43-1), 7-20, 46) 2 0:5 
Solving for i, and i, we get 

mo eee ey 

n; 9 354 S™P- 
v. P.D. between Fand G= resistance x current 
63 


63 
=2 x -a= -y volt. 


234 117 


SUMMARY 
Oum’s Law: The current flowing between any two points ofa con- 
ductor is proportional to the potential difference between them, provided 
that the temperature and all other physical conditions of the conductor 


remain unaltered. 
In symbols J=—=> + currente Par or amperes= Xs 


As stated above, Ohm's law is applicable to an undivided part of a circuit* 
Definition of ohm and international ohm to be learnt from text, 
RESISTIVITY OR SPECIFIC RESISTANCE of a material is the resistance 

between the opposite faces of a cube of the material of side one 

centimeter. It is measured in oHM. CM. 

Laws of resistance. At a given temperature and for a given material 

(i) resistance varies as length when cross section is constant 

(4i) resistance varies inversely as cross section when length is 
constant. ` 

L 
R=p ru 

Specific resistance of metals increases with rise of temperature ; that- 
of carbon, electrolytes and insulators diminishes. Theincrease of resistance 
per ohm per °C rise of temperature is called the temperature coefficient 
of resistance. It is positive for metals and negative for carbon etc. 

Temperatures over a wide range can be measured accurately with a 
resistance thermometer. In it the change of resistance of a platinum or 
nickel wire gives the temperature. 


For resistances is series USA Et, y 


LUI 
For resistances in. parallel ^ ERIE apes) TES 
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Equivalent resistance of resistors in parallel is lower than the lowest 
of the individual resistances. 

Currents in the different branches of resistances in parallel are 
inversely proportional to the branch resistances 

R R R 

0,=0 HS C,=0 T 0,=0 R, ete. 

When a source of emf # and internal resistance r is connected to à 
circuit of resistance R, the current through the circuit is 

I= Rar 

The current is the same at all places of the circuit including the source 
of emf (.¢., the battery or generator). 

Cells may be grouped (i) in series, (i) in parallel or (iii) a combination 
of both (mized grouping) to form a battery. 

For cells in series: total omf= 5 E and total resistance y r, 


For identical cells in parallel : total emf=emf of any one of the cells ; 


and total resistance= Zesistance of any cell 
number of cells 


For m parallel rows of n identical cell in series 


totalemfenE, total resistance — "7 
m 


In this case current is macimum when internal resistance equals the 
external resistance or i8 nearest to it. 
Ina simple sERIES CIRCUIT 
(i) The current is the same at every part of the circuit. 
(ii) The total rosistance is the sum of the individual resistances. 
(iii) The p.d. across ‘any part of the circuit is proportional to the 
resistance of the part. 


(iv) The current is independent of the position of the resistanees. 
In à PARALLEL CIRCUIT, 


(i) The total current through the combination is the sum of the 
currents through the branches. 
(ii) The p.d. across the branches is the same for all, 


(iit) The currents through the branches are inversely proportional 
to their resistances and equal to the terminal p.d. divided 
by the branch resistance. 

ELECTROMOTIVE FORCE of à source of electrical energy is the work done 
by the source in transferring unit charge from one pole of tho source 
to the other. 

Complicated network problems can be solved with the help of 
Kirshhoff's laws. 
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EXERCISES 


l. State Ohm's law and illustrate it. Define the volt, ohm and 
ampere independently of each other. 

2. Define resistivity and state the unit in which it is expressed. State 
how the resistance of a wire depends on (i) its length, (ii) cross section, 
(iii) materialand (iv) temperature. 

3. State the laws of resistances tn series and in parallel. 

How is a current distributed among a number of resistances is 
parallel? In series ? 

4. Establish the result that in a simple series circuit the current is 
equal to the emf divided by the total resistance. 

5. Dofine electromotive force and state the changes of energy that a 
charge undergoes as it is taken once completely round the circuit. 

6. Define temperature coefficient of resistance and state its approxi- 
mate value for metals. What do you understand when it is said that the 
value is positive for metals and negative for carbon and electrolytes ? 

7. Describe a method of measuring temperatures based on the 


change of resistance. 
8. State Kirchhoff’s laws and illustrate them with the help of suitable 


diagrams, 

9. What do you mean by the statement that the specific resistance 
of copper is 1'6 microhm. em ? 

Calculate the resistivity of tungsten, given that 4 cm. length of wire 
of cross section ‘0001 sq. mm. has a resistance of 22 ohms. 

[Ans : 5:5 mierobm. em. ]. 

10. Find the length of nichrome wire of diameter 08 mm. which 
will have a resistance of 100 ohms. Resistivity of nichrome- 110. 
microhm. em. [Ans : 457 metres]. 

ll. Two wires have their lengths, diameters and resistivities, all 
in the ratio 1: 2. If the resistance of the thinner wire is 10 ohms, find 
that of the other. [Ans ; 10 ohms]. 

12. Three fixed resistances 20, 30 and 40 ohms have a combined 
resistance of 43% ohms. How are the resistancos arranged ? 

[Ans ; First and third in parallel; the second in series with this 
combination]. 

13. Three resistors of values 4, 6 and 6 ohms are available. Compute 
tho minimum and maximum resistances which can be obtained by using 
one or more of them. [Ans : 1:62 and 15 ohms]. 

14. A94volt bulb drawing 1'5 amp is to be connected to a 200 volt 


line. Caleulate the rosistance which must be used in series with it. 


[Hint: The resistance of the bulb is 24/1°5=16 ohm. Let the 
series resistance be R. Then total resistance across the 200 volt lino is 
R+16 and the current has to be 1'5 amp. Hence R 1305 ohm. 
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Or, potential drop across the bulb = 24 volts, 
EY across the series resistance = 220-24=196V. Current in 


vee 
both=1°5 amp. Hence series resistance= 90 =1303 ohms.) 


15. How many resistors, each of 20 ohms, are needed to carry 4 
current of 23 amps on a 115 volt line ? [Ans : 4 ohms]. 


16. A coil has a resistance of 20°37 ohms. What must bo the value 
of the shunt resistanco so that the combination may have a resistance of 
20 ohms ? [Ans : 1101 ohms]. 


17. ABCD in. a square each sido of which has a resistance of 20 ohms. 
A 5-ohm coil is placed across AC. Calculate the equivalent resistance 
between A and C. [Ans : 4 ohms]. 
18. A dry cell whose emf is 1°5 volts is connected to the terminals 
of a resistance of 3*2 ohms and produces a current of 025 amp. What is 
the internal resistance ? [Ans : 2°8 ohms]. 
19. How many cells in series, each of emf 1°5 volts and interne! 
resistance 0°5 ohm, will be needed to produce a current of l:5 amp in 
an external resistance of 20 ohms ? What is the terminal p.d. and the 
inner drop ? [Ans : 40 ; 30v ; 30v.] 
20. Two similar cells connected in series drive a current of 0:25 amp. 
through an external resistance of 8 ohms. When connected in parallel, 
the current through the same resistance is 0°16 amp. Find the emf and 
internal resistance of each cell. [Ans : 1'4 volts and 1°65 ohms nearly] 
21. Two resistors of 6 and 12 obms are joined in parallel. This 
combination is placed in series with a third resistor and the entire com- 
bination is connected across 120 volt lines. The current drawn is 5 amps. 
Calculate (a) the resistance of the third resistor, (b) the current through 
the 6 ohm resistor, and (c) the voltage across the 12 ohm resistor. 
[Ans : (a) 20 ohms ; (b) 3:33 amp ; (c) 20 volts.] 


29. Ten voltaic cells, each of emf 2 volts and internal resistance 
3 ohms, are connected—(a) all in series ; (b) all in parallel; (c) in two 
series of 5 each, the similar ends of oach series being connected together ; 
(d) in five series of 2 each. The external resistance in each case is 20 
ohms. Find in each case (1) the total current, (2) the current in each 
coll, (3) the terminal p.d. 


[Ans : (a) Samp ; Z amp ;8 volts ; 


20 2 
(b) -503 amp; 393 amp ; 1:97 volts ; 
4 2 3 
(c) ir amp; 77 amp ; "ü volts. 


10 2 
(d) 53 amp; 53 amp ; 3°77 volts ] 
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23. Three identical cells A, B, C, have an emf of 1 volt and internal 
resistance of lohm each. A and B are connected in conjunction. Cis 
connected in opposition to A and H. The circuit is closed by wires of 
negligible resistance. Compute tho current through the circuit and the 
terminal p.d. of C. [Ans : } amp ; 1j volts.) 

24. Show that for a mixed grouping of cells maximum current is 
obtained when the internal resistance i» equal to the external resistance, 

Find the arrangement for maximum current in the case of 48 cells. 
each of resistance 4 ohms, the external resistance being 6 ohms. 
[Ans : 8 cells in series per row ; 6 rows] 
25. Three similar copper wires of length 1, 2 and 3 metres are 
connected in parallel across a battery, It is then replaced by a wire of 
the same material but of double the above diameter. If the interchange 
does not alter the current, what is the length of the wire 1 


[Ans 1 xi Tnetres,] 


CHAPTER III 
ELECTROMAGNETISM : 
MAGNETIC FIELDS DUE TO ELECTRIC CURRENTS 


An electric current gives rise to three fundamentally im- 
portant effects and may be detected and measured by means of 
any of them. The effects are 

(i) the creation of a magnetic field in the region surrounding 
the current, 

(ii) heating of the conductor through which the current 
passes, 

(i) the chemical activity, technically known as electrolysis, 
to which an electric current gives rise when it is passed through 
solutions known as electrolytes. 

In this chapter we shall consider only the magnetic effect of 
electric currents. 


22. QOersted's Experiment. 


The fact that an electric current produces a magnetic field 
around it was accidentally discovered in 1819 by Hans Christian 
Oersted of the Copenhagen University, 
while condueting an experiment before N nri 4 
his class. A wire was held above a a. 8 
magnetic needle and parallel to it, a cur- 
rent sent through the wire ‘Fig. 38). 
Oersted found that itcaused a deflection 
of the needle. On reversing the direc- 
tion of the current, the deflection was 
also reversed. When the wire was held Fig. 38 
below the needle, the deflection was opposite to that when the 
wire was above the needle, the current flowing in the same 
direction. 

Assuming the current to have the conventional direction 
(i.e., from the positive to the negative pole through the external 
circuit), the deflection of the needle may be predicted by any of 
the following rules : 

(1) Oersted’s rule. Place the right handso that the wire 
lies between the palm of the hand and the needle. Then if the 
fingers point in the direction of the current, the out-stretched 


we 
N 


thumb will point to the direction in which the north pole of the | 


needle will be deflected (Fig, 39a). 


€— 
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(2) Ampere'srule. Imaginea man swimming along the 
conductor in the direction of the current with his face towards 


Fig. 39 (a) Fig. 39 (b) 


the needle. The north pole of the needle will be deflected to- 
wards his left hand (Fig. 39b). 


23. Magnetic Field due to a Current in a Straight Wire 


The behaviour of the magnetic needle in Oersted's experi- 
ment is readily understood if we plot the magnetic field about 
a straight wire carrying a current. Bore a hole in a piece of 
cardboard or glass, fix it in a horizontal position, pass a straight 
wire vertieally through it and let a strong current (about 10 
amps) flow through it. Sprinkle iron filings on the board and'tap 


(a). r (b) 
Fig. 40 


gently. The filings arrange themselves in concentric circles 
round the wire as their common centre (Fig. 40a). These 
indicate the lines of force in the magnetic field due to the cur- 
rent. Placing a small magnetic needle close to the wire and 
noting the direction in which the north pole points, we can find 
the direction of the lines of force, i. e., of the field created by the 


current. 
Part II—22 
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The relation between the direction of the current and that 
of the lines of force may be expressed in any one of the following 
ways : 

(1) Right hand thumb rule. Grasp the conductor with the 
right hand, the thumb pointing in the direction of the 
current (Fig. 40b) The direction of the closed finger tips will 
point to the direction of the lines of force. 


Fig. 41 


(2) Maxwell’s cork-screw rule. Imagine an ordinary right- 
handed screw to be along the wire and to be twisted so as to 
move in the direction of the current. The direction in which the 
thumb rotates gives the direction of the lines of force (Fig. 400). 

The behaviour of the magnetic needle in Oersted's experi- 
ment may be understood on the basis of these rules. "The north 
pole of the needle deflects in the direction of the field. Fig. 41 
gives the direction of the line of force through the n-pole for 
different positions of the current. It will appear from the 
figures that the field at any point due to a straight current is 
tangentially perpendicular to the current. 


Note that the lines of force round a straight current are 
closed circles concentrie with the current, They have no 
beginning or ending. No free polarity appears anywhere. 
The conductor itself acquires no magnetism ; it does not 
attract iron filings. The surrounding region becomes a magnetic 


field. 
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Rotation of a pole round a current. It is clear from what 
we have said above that if we could release a north pole in the 
field due to a straight current, it 
would go round and round in a circle 
about the eurrent. Its motion will be 
along the line of force which passes 
through the point where the pole is 
placed. Though it is impossible to 
have an isolated pole, yet we can 
show the rotation of a pole round a 
current by bending & magnet as 
shown in Fig. 42. Faraday first 
performed this experiment. 

The magnet NS is bent and sup- 
ported on a finely pointed rod C, so 
that it is free to turn about a vertical 
axis through the point of support. A 
is an annular cup of mercury. B is 
a mercury cup placed on the magnet. 
The wire D connects the mercury in 
the two cups. A vertical wire dips in 
B and is metallically connected 
through the stand to a binding screw 
attached to the base of the instru- 
ment. 


When the poles of a battery are 
connected to the terminals as shown, Fig. 42 
a current enters through the mercury 
cup A, passes through D to B, then upwards through the vertical 
wire and finally returns to the battery through the stand. The 
pols N is close to the vertical wire carrying the current and ex- 
periences a force due to the magnetic field created by the current. 
Tt is found to rotate in the direction as shown (anticlockwise 
when viewed from the top). The field at N due to the return 
current, as well as the fields at S, is negligible. When the 
current is reversed, the direction of rotation of the magnet is 
also reversed. 


Strength of the field due to a long straight conductor 
carrying a current. Biot and Savari experimentally investi- 
gated the magnetic field produced by a current flowing through 
a long straight conductor. They found that the field varies 
inversely as the distance from the conductor. Calculation, 
shows that the field at a distance r is 


p-2i 
- 


where iis the current in electromagnetic units (see $25). 
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24. Laplace’s Theorem 
In the previous articles we have established a qualitative 
relation between a current and the magnetic field it produces. 
The quantitative relation between the two applicable to all cases 
irrespective of the shape of the conductor is given by Laplace's 
theorem. It states that 
The magnetie field F’ produced at a point by a short 
segment / of a conductor carrying a current is 
(i) directly proportional to the current, 
(ii) directly proportional to the length of the segment, 
(iii) directly proportional to the sine of the angle between 
the direction of the current and tho line joining the point to any 
point on the segment, and 


(iv) inversely profertional to the square of the distance 


ait between the segment and the point; 
i aH’ These may be taken as results of 
[ experiment. 
i P In symbols (Fig. 43a) 
3 patltn? (24.1) 
Fig. 43 (a) or F’=K Um (24.9) 


The definition of the unit of current is so adjusted that the 
constant K in Eq. 24.2 comes out equal to unity. The unit of 
current so defined is called tho electromagnetic umit of current 


(vide $95). Laplace's theorem may then be symbolically 
expressed as 


(24.3) 


All problems concerning magnetic fields produced by 
cürrents may be solved with tho help of this equation. It may 
be taken as the basis of electromagnetism 
(see also $26). 


The law as stated does not give the 
direction of the field. The field is always 
perpendicular to the plane defined by the 
conductor and the point. In Fig. 43(b) 
let MN be the conductor of length 1 and 
4P the point where the direction of the 
field is sought. PQRS is the plane defined 
by MN and P. The field is perpendicular 
to this plane. The actual direction may 
be found by applying any of the rules 
given in: $93. Fig. 43 (b) 


peilsing , 
a 
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Another easy way of getting the direction of the field is 
indicated in Fig. 44. Stretch 
the thumb and fore-finger. of 
the right hand and let the 
fore-finger point to the direc- 
tion of the current. Turn the 
thumb towards the back of 
the hand. The field at P is 
in the direction in which the 
thumb turns. 


25. Unit of Current. 


The unit of current may 
be defined with the help of she 
Laplace's theorem. In Eq. 24.2, let us call that current the unit 
of current which makes 7” =1 oersted when l=1 cm, r=1 cm 
and sin 0=1. Then X becomes equal to unity (ef. Newton’s 
second law P= Kmf and the definition of the unit of force). The 
above values of l, r and sin 0 will hold if we take a conductor 
1 cm long, bend it into an arc of a circle 1 cm in radius and 
consider the field at the centre of the circle. The current so 
defined is called the absolute electromagnetic unit of current (or 
the abampere). More often the word ‘absolute’ is omitted. 

Definition : The current which, flowing through a 
conductor one centimetre long, bent into an are of a circle 
one centimetre in radius, produces at the centre of the 
circle a magnetic field of unit intensity, is called the 
absolute electromagnetic unit of current. 

In all that we do in electromagnetism, the current will be in 
electromagnetic units unless otherwise stated. 

For practical purposes the above unit is unfortunately too 
largo. A smaller unit, one-tenth of the above in value and called 
the ampere, is taken as the practical unit of current. 

1 e.m.u. of current (or abampore)=10 amperes. 

Note that the e.m.u. of current is defined without reference 
to the quantity of charge that flows per unit time, It is 
measured in terms of the force it exerts on a pole. 

The charge, whicb in one second flows past any transverse 
section of a conductor carrying a current of one electromagnetic 
unit, is called the electromagnetic unit of charge. 

The charge, which in one second flows past any transverse 
section of a conductor carrying a current of one ampere, is 
called the coulomb. J 
1 e.m.ù. of charge = 10 coulomhs. 

Earlier, we defined the ampere as a current in which the rate 
of flow is one coulomb per second, and the coulomb was given 
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as 3X 10? e.s.u. of charge. The proper definition of the ampere 
is the one we have given now. 


25A. True and International Units of current, Potential 
Difference and Resistance 


Considering the importance of the practical units of current, 
potential difference and resistance, and the fact that two defini- 
tions are available for each, it is thought necessary to put them 
together and point out the relation betweon them. 


The ampere, volt and ohm defined with relation to theory 
are called the true ampere, true volt and true ohm. They are 
as follows : 


The true ampere is one-tenth the electromagnetic unit of 
current. 


The true volt is a potential difference in which one joule of 


work is done in transferring a charge of one coulomb between 
two points. 


The true ohm is a resistance in which a potential difference 
of one true volt drives a current of one true ampere, 


To make a measurement on the basis of the above definitions 
will be inconvenient, if not inaccurate. The above quantities 
have been defined in a different way, 80 as to make the measure- 
ment or the comparison of currents, p.d.'s or resistances easy and 
accurate. These definitions ara accepted by international agree- 
ment and the quantities so defined are called the international 
mils. They represent the true values very closely, and the slight 
differences that exist may be neglected for all purposes except 
those of the highest precision. The definitions are as follows : 


The international ampere is defined as the unvarying 
electric current which, when passed through a solution of silver 
nitrate in water, in accordance with authorised specifications, 
deposits silver at the rate of 00111800 gram per second, 


The international ohm is defined as the resistance offered 
to an unvarying electric current by a column of mereury at 0"C 


14°4521 gram in mass, of a constant cross-section, and of length 
108'300 cms. 


The international volt is defined as the electrical pressure 
which will cause a current of one international ampere to flow 
through a resistance of one international ohm. For convenience 


of measurement it is often taken as aes Sa fraction of the emf 


10183 
at 20°C of a Weston cadmium cell, constructed according to 
authorised specifications. 
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The relations between the true units and the corresponding 
electromagnetic units are as follows : 


1 ampere .— emu of current, 


1 volt = 10° e.m.u. of p.d., 
1 ohm = 10° e.m.u. of resistance. 
26, Magnetic field due to a Current in a Circular Wire. 


Pass the two ends of a piece of stout copper wire through 
two holes, a few inches apart, in a piece of glass or cardboard. 
Bend the wire into circular 
form as shown in Fig. 45 and 
pass a strong current (about 
10 amp) through it. Scatter 
iron filings on the board and 
tap gently. The filings align 
themselyes in the direction 
of the resultant magnetic 
field due to the coil (and to 
the earth) The lines of force 
are circular near the wires. 
Ifthe plane of the coil is 
perpendicular to the mag- Fig. 45 
netic meridian, the lines at 
the centre will be normal to the plane of the circle. 

The direction of the field at the centre of the circular coil 
may be obtained from the rules already given in § 93, but the 
following is often convenient in many respects : 

Looking at the face of the coil, if the current appears clock- 
wise, the positive direction of the lines inside the coil is away 
from the observer ; if the currentis. anticlockwise, the positive 
direction is towards the observer. 

Analogy with a circular magnetic shell. A sheet of mag- 
netic material magnetised perpendicular to its faces is called a 
magnetic shell. Fig. 46 shows a circular magnetic shell and its 
lines of force. The shell has north polarity on one face and 
south polarity on the other, A comparison of the lines of force 


z 


Fig. 47 
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due to this shell and to the circular coil in Fig. 45 will show 
that they are similar, Thus a circular coil carrying a current 
behaves like a magnetic shell. The two faces of the coil 
should have opposite polarities. In finding the polarity of a 
coil the following rule is very convenient : 

End rule.— Look ai one face of the coil; if the current is 
anticlockwise that end has a north polarity ; if clockwise, the Jace 
has south polarity (Fig. 47). . 

An electric circuit is equivalent to a magnetic shell 
The analogy between a circular coil carrying a current and a circular 
magnetic shell as described above applies to all electric circuits through 
which a current is passing. Ampere showed that any eleetrie circuit may 
be taken to be equivalent to a magnetic shell. This may be easily under- 
stood by reference to the rect- 
angular circuit illustrated in Fig. 
48. If we consider the distribu- 
tion of the lines of force round the 
conductors in the different parts 
of the circuit, we find that the 
, lines enter the circuit through one 
face and come out of the other. 
The former face behaves like the 
lace of a shell having south polar- 
ity and the latter north polarity, 
If the shell is taken to have a 
boundary identical with that of 
the circuit, it is possible to ad- 
Fig. 58 just the strength of the shell 
(which is measured by its magnetic moment per unit area) so as 
to produce the same magnetic field at external points as is actually pro- 
duced by the current in the circuit, 

The above equivalence has led to another definition of the unit of 
current. The current which, flowing in a circuit, produces ata point 
the same magnetic field as is Produced by a magnetic shell of unit 
strength (unit moment per unit area) and whose boundary coincides 
with the boundary of the circuit, is called the absolute electromagnetic 
unit of current. Both definitions of the unit of current represent the 
same value, but the proof is beyond our scope. All problems in electro- 
magnetism may also be solved on the basis of Ampere's theorem of 
equivalent shell. 

A fundamental distinction between the fields due to a coil and a 
magretic shell should however be noted. In the case of the coil lines 
of force are continuous and have no magnetic material to traverse, A 
consequence of this is that a free pole released in the field will go 
round and round the current and continually do work, its energy being 


a 
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derived from the source which supplies electrical energy. A similar pole 
released in the field due to a magnetic shell will move from one face 
of the shell to the other along the line of force and stop there. In 
taking it through the magnetic material work has to be done on it. 

Note that the face through which the lines enter the coil has the 


south polarity and the face from which the lines come out of the coil has 
north polarity. 


Fundamental unity of the rules. The beginner is likely to 
be confused by the plethora of rules connecting a curront and 
the direction of the magnetic field it produces. He may note 
that all of them are derivable from a singl? rule, say, the right 
hand thumb rule stated in § 23. Once he notes the fundamental 
unity of the rules, confusion, if any, will disappear. 

Magnetic behaviour of a coil. If a coil behaves like a 
magnetic shell it will be acted on by a magnet. Supporting 
experiments may be devised in yarious ways. The following is 
duo to de la Rive. 

Construct a small coil of several 
turns of insulated copper wire and 
solder the ends of the wire to a strip 
of zine and copper respectively. Pass 
the strips through a large cork, and then 
float the apparatus in dilute sulphurie 
acid (Fig. 49) A current will pass 
through the coil in the direction indi- 
cated by the arrows. Present the worth 
pole of a magnet to the face of the 
coil in which the current passes in an 
anticlockwise direction. Note that the 1 
coil is repelled. When the south pole Fig. 49 
of the magnet is presented to this face, the coil will be attractod 
by tho magnet, 


Left to itself the coil will set with its plane perpendicular to 
the magnetic meridian. On looking at its north face the current 
would appear to flow anticlockwise. 


The effect of haying several turns in the coil is to increase 
the field. Ifthe width of the coil is small compared with its 
radius, each turn may be taken to produce the same field and 
equally augment the field due to the other turns. 


Any coil is equivalent to à magnetic shell, and hence to a 
magnet. The aris of the equivalent magnet ds perpendicular to 
the plane of the coil. Hence when a coil carrying a current is 
placed in a uniform magnetic field it will tend to set itself so 
that the axis of the equivalent magnet lies in the direction of the 
fisld. The coil thus sets itself with its plane perpendicular to the 
lines of force of the uniform field. Note that in its equilibrium 
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position it embraces thə largest number of lines of force of the 
field in which it is placed. 


27. Magnetic Field due to a Solenoid 


A close coil of many turns of insulated wire wound on 4 
cylinder is called a solenoid, The individual turns lie in planes 
practically perpendicular to 
the axis of the cylinder, also 
called the axi; of the sole- 
noid, A solenoid is thus an 
elongated coil of many iden- 
tical parallel turns. 


To investigate the field 
due to a solenoid, place it in 
a piece of cardboard with its 
axis in the plane of the 
board (Fig. £0). This may 
be done by cutting three 

Fig. 50 sides of a rectangle in the 

middle of the board and 

then passing the free end of the strip through the solenoid. 
Sprinkle iron filings on the Loard, pass a strong current through 
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the solenoid and tap the board gently. It will be observed that 
(i) the lines of force outside the solenoid are similar to those of 
a bar magnet and (ii) inside the solenoid the lines are crowded 
together in a direction parallel to its axis. Fig. 51 shows the 
lines due to a solenoid and a bar magnet side by side. To show 
clearly the field inside the solenoid, its turns have been much 
separated in the diagram. 
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; A solenoid mounted on cork, as in de la Rive’s experiment 
with the coil described in $95, shows the same effect as the coil. 
It behaves like a bar magnet. The same rule regarding polarity 
of the end faces applies to it as to the coil. In fact it is nothing 
but a number of coils placed side by side. As such it is equi- 
valent to a number of similar magnetic shells placed side by side 
with their opposite polarities in contact. Such an assembly of 
shells constitute a bar magnet. 

The field inside the solenoid is much stronger than that out- 
side, For a long solenoid the field at its contre is F'=4nni where 
m is the number of turns per centimetre of the solenoid and i 
the current through it in electromagnetic units. The field falls 
off slowly towards the ends. 


28. Electromagnets 


The discovery of electromagnets is credited to William 
Sturgeon who, five years after Oersted’s discovery, filled the 
interior of a solenoid with soft iron and produced a powerful 
magnet. We have discussed electromagnets in the section on 
MAGNETISM. 

Whenever a bar of soft iron is inserted in & solenoid through 
which a current is passing, the bar becomes strongly magnetised 
by the field within the solenoid The combination of the soft 
jron bar and the solenoid is called an electromagnet. The polarity 
of the bar is determined by that of the solenoid. The end of 
the bar or the solenoid from which the lines of force come out 
has north polarity 5 the end at which the lines enter bas south 
polarity. Hence if looking at one end of the electromagnet the 
current appears to flow in the solenoid in an anticlockwise direc- 
tion, that end will have north polarity. Jf the current appears 
clockwise that end will have south polarity. 

The following are the principal laws concerning electro- 
magnets : 

(i) As the current through an electromagnet increases, the 
magnetisation increases in proportion with the current at first. 
But for strong currents the magnetisation reaches a saturation 
value. 

(ii) For a given current the magnetisation is proportional to 
the number of turns, provided that the core is far from being 
saturated. 

The two laws are often combined into a single statement : 
The strength of an electromagnet is proportional to the ampere- 
turns, when the core is far from saturation. In symbols 

m= kni 

where m=strength of a pole of the electromagnet, 

n=number of turns in the solenoid, 
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i— current in amperes, 
k=a constant depending on the form, quantity and 
quality of the core, 
The product ni is called the ampere-turns. 


29. The Electric Bell 


The electrie bell is a simple application of the magnetic 
effect of an electric current. Its construction and mode of action 
is as follows : 


In Fig. 52 M is an electromagnet which is excited by the 
current from a battery. The current flows through the coil 
surrounding M when the button of the 
switch in the battery circuit is pressed. S 
is a spring which is normally in metallic 
contact with an adjustable screw B. 
Attached to S there is a piece of soft iron 
A which is attracted towards M when the 
current is established. As A is drawn to- 
wards M the contact between S and B 
breaks and the current ceases. As the 
magnet is no longer excited S flies back to 
its position and establishes the current 
again. As soon as it is done M is again 
excited, draws A away and breaks the 
current again, ‘This process is repeated so 
long as the button of the switch remains 
pressed. Attached to S is a hammer H 
which strikes the gong G and continues to 
Š do so until the button is released. 


90. Telegraphy 


A most important application of the electromagnet is found 
in the electric telegraph, by means of which messages are 
transmitted from one place to another at a considerable distance 
away. For simplicity we shall describe the system of telegraphy 
devised in 1837 by the American artist and inventor, Samuel 
Morse (1791—1879), and known as the Single Mor.e telegraph. 
The essential parts of the system are : 

(i) The circuit, which consists of a line of wire connecting 
the two places. The earth serves as the return circuit, 

(ii) The batteries to generate the current which flows through 
the line and returns through the earth. 

(iii) Keys or transmitters for opening and closing the circuit. 
They send currents of shorter and longer duration through the 
line which constitute the message. 
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(iv) Sounders or receivers for receiving the message. 
(v) Relays for work on long telegraph lines. 


The key or transmitter is a simple contact breaker so designed 
that it can be moved several hundred times a minute. It con- 
sists of a brass lever AB (Fig. 53a), movable about a horizontal 
axis through C. The line wire is connected at the middle of the 
lever. Two metal buttons, P and N, mounted on an insulating 


Fig. 53(a) Fig. 53(b) 


base aro respectively connected to the positive and negative poles 
of the local battery. Under the action of the spring S, the lever 
ordinarily remains in contact with the button N. Under this 
condition the local battery cannot drive a current along the line. 
When the knob K is depressed, the lever comes in contact with | 
the button P and a current is sent along the line. The message 
is made of currents of shorter and longer duration. The trans- 
mittor may be represented diagrammatically as in Fig. 53(b). 


The sounder or receiver consists essentially of an electro- 
magnet M (Fig. 54a). When the line-eurrent passes through its 


Fig. 54(a) Fig. 54(b) 
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coils, the electromagnet attracts a soft iron armature A attached 
near the end of a lever pivoted at B. The end C of the lever 
moves between two stops D and E. The adjustable spring S holds 
the armature away from M. Fig. 54(b) shows the construction 
of an actual receiver. 

When the electromagnet is excited the end C of the lever 
is sharply brought against the stop E. When the current is 
broken the spring brings C against the otber stop D. 

When the key at the transmitter’s end is depressed, the 
armature of the receiver is also depressed. When the key is 
released, the armature too is released. The armature is thus 
made to duplicate every motion of the sender's key. 

A short duration current passing through M produces 
two sharp clicks separated by a short interval. For a 
current of longer duration, the interval between the clicks is 
longer. The short signals are called dots and the longer ones 


itu 


Fig. 55 


dashes. The letters of the alphabet are made up of a combination 
of dots and dashes according to an accepted code known as 
Morse's code. The operator at the receiving end listens to the 
shorter and longer clicks and decodes the message. Fig. 55 
shows a simple telegraph circuit with a transmitter and a 
receiver. It can send a message only in one direction along 
the line. 

The Relay. In long lines the current is so weakened by the 
resistance of the line and by leakage that it becomes too weak 
to operate the sounder. In such a case the weak current is 
made to bring into operation a local 
current strong enough to work the A o 
sounder. A contrivance used for Sg 
this purpose is called a relay. = 

The electromagnetic relay has M 
yery nearly the same construction as 
that of the sounder. Its electromag- 
net M ( Fig. 56) consists of many RELAY 
turns of fine wire, so that even a Fig. 56 
weak current will actuate. the 
armature. One of the stops (E) between which the lever of the 
sounder moves is connected to one pole of a local battery, while 
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the other stop D is insulated. The lever itself is connected to 
the other pole of the battery. Whenever the armature is 
attracted by the electromagnet, the circuit of the local battery, 
which contains a sounder, is closed. 


es 


UNE 
K- Key, 
B-Line battery 
b — Local battery 
S= Sounder 
R% Rela 
E= Eart 
connection 
Ki Ei E Ke 
Fig. 57 


Fig. 57 shows a simple arrangement of the line, batteries, keys, relays 
and sounders between two distant stations which can communicate with 
each other. The key at each end has an additional switch which keeps 
the line battery connected to the earth. When the operator wants to 

' send a message he opens this switch and sends his dots and dashes. At 
all other items this switch is closed. This switch is indicated in the 
diagram along with the key. Itis the lower lever in K, and Ky. For 
clarity it is shown open at both places. 

As the key at one end is operated, the sounders at both ends will be 
actuated. Ata time a message can be sent in only one direction along 
the line ; but it will be possible to operate from both ends, 

Modern telegraph systems are much more complicated than what the 
above descriptions seem to indicate. There is not only provision for two 
messages being simultaneously transmitted in opposite directions without 
interference, but also for several stations to work along the same line at 
the same time. In recent times a printing system has been introduced 
in the larger cities. In it the sending instrument resembles a typewriter 
keyboard and the message is received and printed on a slip of paper. 


.. The purpose of the simple description of electric telegraphy is to 
sd Lexic beginner how the magnetic effect of a current has been 
utilised in long distance transmission of message. The time lag between 
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the closing of the circuit at one station and the actuation of the sounder 
at the other is practically negligible (it is a very small fraction of a 
second ). 


31. Moving Magnet Galvanometer 


Galvanometers are instruments used for detecting and 
measuring small currents. In this section we shall discuss those 
instruments in which the current to be detected or measured 
flows through a coil of many turns of insulated wire and causes 
‘a deflection of a magnetic needle mounted at the centre of the 
coil. Such instruments are known as moving magnet galvano- 
meters. There are also instruments of other types in which the 
principle of action is different (seo § 34). 


A distinction is sometimes made between a galvanoscope and 
a galvanometer. The former is capable only of detecting a 
current, but not of measuring it. The latter can do both. But 
this distinction is not always maintained. 


The simple galvanometer or galvanoscope. It consists of a 
coil (Fig. 58) of a number of turns of insulated copper wire, at 
the centre of which is mounted a small 

magnetic needle. The coil is usually rec- 

tangular in shape. The needle is either 

pivoted, or suspended by means of an un- 

spun silk thread, the latter giving higher 

sensitivity. The current to be detected is 

sent through the coil. It produces at the 

needle a magnetic field proportional to the 

number of turns (n) and to the current (i). 

Fig. 58 The field at the needle may be written as 


F= kni 


where k=a constant depending on the geometry of the coil, 
i.e., its shape and size. 


The coil is placed parallel to the magnetic meridian. Its 
field is perpendicular to the plane of the coil. When a current 
passes through the coil the needle is doflected. 


This simple arrangement has but little more than demonstra- 
tion value. 


The Astatic Galvanometer. An instrument of much more 
practical value is the astatic galvanom-ter. In the simple galva- 
nometer the earth’s magnetic field tends to restore the needle 
back to its position. If the effect of the earth’s field on the 
needle could be eliminated, even a very small current-may be 
made to cause a large deflection of the needle. The sensitivity 
of the instrument would thus be much increased. 
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An astatie pair consists of two magnetic needles (NS, SN ; 
Fig. 59) of almost the same magnetic moment mounted rigidly 
on an axis with their opposite poles pointing in the same 
direction. 

The directive effect of the earth's field on the pair is negli- 
gible, because the couple acting on any ofthe needles is practi- 
cally equal and opposite to that on 
the other. If the pair were 
mounted inside a coil, the field of 
the coil would also have no directive 
action on the pair because of the 
game reason. In practice the two 
needles are surrounded by two coils 
in which the same current (the cur- 
ront to be detected) flows in oppo- 
site directions (clockwise in one and 
anticlockwise in the other ; Fig. 59). 
The forces on the needles in both 
coils tend to rotate them in the 
same direction, while the earth's 
field has practically no effect. Even 
a small current would turn the 
needles through a large angle. 
But the twist of the suspension Fig. 59 
calls into play a restoring torque 
which increases with deflection. The needles come to rest when 
the restoring torque equals the deflecting torque. The deflection 
rved by reflecting a beam of light from 


of the needles is obse 
a mirror M rigidly attached to them. 

The most sensitive moving magnet galvanometers are con- 
structed on this principle. They can detect currents of the 
order of 107** ampere or even 10^*? ampere. 


31A. The Tangent Galvanometer 


The above galvanometers can detect currents, but cannot 


measure them without calibration, One of the simplest forms 


of galvanometer which can measure à current, if necessary 
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without calibration, is the tangent galvanometer. It has a 
sensitivity far less than that of the astatic galvanometer, but 
its advantage lies in its ability 
to detect and measure currents 
over a wide range. 
Description. It consists of a 
vertical coil (C ; Fig. 60) which 
may have a few to several hun- 
dred turns of insulated copper 
wire, all of the same radius. Af 
the centre of the coil is mounted 
a small magnetic needles pro- 
vided, at right angles to its axis, 
with a long knife edge pointer 
which moves over a horizontal 
circular scale attached to the 
instrument. The scalo is gene- 
Fig. 60 rally graduated in four quad- 
rants from 0° to 90°. The 0^, 
0° line and the 90°, 90° are coincident with two perpendi- 
cular diameters of the circular scale. The 0°, 0° line shall be 
perpendicular to the plane of the coil. Tho noedle is mounted 
at the centre of the scale. The instrument is provided with three 
levelling screws to make the coil vertical. The terminals T, 
T are attached to the free ends of the coil. Additional termi- 
nals may be provided to include a smaller number of turns. 


Procedure, To measure a current, the instrument is at first 
levelled so that the plane of the coil is vertical. The coil is then 
turned so that its plane lies in the magnetic meridian. If 
necessary the horizontal scale is rotated till the pointer reads 
0°, 0° at the two ends. The current to be measured is then 
allowed to pass through the coil. The needle undergoes a de- 
flection. Both ends of the pointer are read to get this value. 
Tho current through the coil is then reversed and the ends of 
the pointer read again. The mean of the four readings is taken 
as the correct value of the deflection of the needle, 


Theory. The magnetic field at the centre of a singlo turn of 
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wire of radius r is given* (according to Laplace's theorem) by 
P'-9mi|r where i is the current through the wire in electro- 
magnetic units, For a coil consisting of n identical turns which 
are very close together, the field at the centre is 


p.m (311) 
n 
This field is perpendicular to the plane of the coil and hence 
to the earth's field. It tends to deflect the magnetic needle out 
of its position in the magnetic meridian. The needle comes to 
rest in a new position of equilibrium where the deflecting couple 
is equal to the restoring couple. The forces on the needle due 
to the two perpendicular 
fields are represented in Fig. 
61. If 0 is.the deflection of 
the needle in its new equili- 
brium position, m the pole 
strength of the needle and 
21 its length, 

the deflecting couple = 

mF x £l cos 0 
and the restoring couple= 

mH x 21 sin 0 
-. 2mlF cos 0 =2mlH sin 6 


or F=H tan 0 
ann =H tan 6 
r 
or i= 2. tan 0 
Le! [ mF 2l cos O=mH 2lsing 
=K tan 0 (312) FsHtanÓ 
Fig. 61 


where qa (313) 
pr 


"Consider any short length ; of a circular conductor of radius r 
through which a current of i emu flows. The magnetic field at the centre 
of the circle due to this length is i/|r?, since sin 021 (vide Eq. 24:3). 
Dividing the entire circle into a large number of such segments, we can 
get the total field at the centre. The field at the centre due to all seg- 
ments are in the same direction. Therefore the total field 

F’=3 l/r? 
where the summation extends over the entire circumference. Now, 
PEL 
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Thus, the current is proportional to the tangent of the 
angle of deflection. Hence the name of the instrument. 

K is a constant for a given galvanometer at a given place, 
It is called the reduction factor of the galvanometer. Its value 
depends on the radius and the number of turns of the coil as 
well as on the value of the earth’s horizontal field H at the 
place. K has the dimensions of a current. As it occurs in 
Eq. 3178, it is in electromagnetic units. 

The quantity nnr is however a constant for a given 
galvanometer. It is called the galvanometer constant, Denot- 
ing it by G, we have 


q=2™ p-Gi, and i= É- tan 0 
G 


The proportionality between the current and the tangent of 
the angle of deflection holds whatever the unit in which the 
current is measured. The value of the constant of proportion- 
ality as given by Eq. 31°3 applies when the current is in elee- 
tromagnetic units. 

If the current I is in amperes we may still write 

T=Constant x tan 0 — C tan 0 (31'4) 

But I amperes expressed in e. m. u. is i- I/10. 

Thus 7/10—i- K tan 0 

4^4 I=10 K tan 0, whence C710 K (315) 

When the value of K is large, a current will produce a smaller 
deflection than when K is small, The accuracy of the instrument is grea- 
test when 0245?. Hence it gives most accurate results when the current 
to be measured is of the same order of magnitude as K. If a small current 
has to be accurately measured, K should be small, i.e. r should be small 
and n large. For a given instrument r cannot be changed ; but it is 
possible to change n. Additional terminals are often provided on the 
instrument which between them contains different number of turns. 
Thus there may be terminals between which the number of turns is 
2, 5, 25, 50 and so forth. These additional terminals increase the useful 
range of the instrument. For a smaller number of turns K is large. 
Hence terminals containing the smallest turns should be used for the 
largest current. 

Theoretically the range of the instrument is very wide, since 
tan 0 varies from 0 to © and it appears theoretically possible 
to messure any value of the current with it. But in practice 
its applicability is confined within a not very large range round 
about K. For very small or large angles of deflection a given 
error in measuring the angle leads toa large percentage error 


in the value of the current. 


—— 
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Examples. (1) A tangent galvanometer has a coil of 50 turns of wire, 
each of radius 10cm. The value of H at the place is 0:3 oersted. Com- 
pute the reduction fector and the value of the current in amperes which 
produces a deflection of 30°. 


Solution: Reduction factor K= ne mi *00955 emu. 


Current =K tan 30°=*00955 x 577 =*0055 emu. 

= 10x "0055 amp. = 055 amp. 

(2 Two currents produce deflections of 30° and 60° in -a tangent 
galvanometer. If the smaller one is ‘01 amp, find the value of the other, 
as also the reduction factor of the instrument. 

Solution, Leti be the other current in amperes. Then 


"00. tan 30°. 95 tàn 60°. cr 
; ae 01x 30" 01x32 03 amp. 


Further '01 (amp)=C tan 30° or co Ls spa" 012 amp. 
31B. The Sine Galvanometer 


on between a sine and a tangent 
The sine galvanometer resembles 
ct except that it bas a 


The difference in constructi 
galvanometer is very slight. 
the tangent galvanometer in every respe 
horizontal scale 
the coil is capable o 
through the centre of this scale. 
the amount of rotation of this coil may be rea 


(H. S.; Fig. 62) attached to the base and that 
f rotation about @ vertical axis passing 
By means of a vernier (V) 
d off from this scale. 
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In working with the instrument the same adjustments as in 
* tangent galvanometer are made and the current allowed to 
pass through the coil. The needle is deflected. "The coil is now 
turned so that it follows the direction of the needle. Rotation 
of the coil is continued until the needle lies ia the plane of the 
coil, When this position is reached the pointer reads 0°, 0°. 
The angle between this position of the coil and its original 
position in the magnetic meridian is read off from the horizontal 
circular scale at the base. Let this angle be 9. 

The field F due to the coil is perpendicular to its plane and 
hence to the axis of the magnet. The deflecting couple acting 
on the magnet = m x 91 (Fig. 63). 

The restoring couple due to the earth’s field is mE x 2l sin 0. 


Hence in the new equilibrium position of the needle 
mF x 21=mH x Ql sin 0 


or F-H sin 8 
i.e. Pmi H sin 0 

R gee cilio a : 5 
or eyo sin 0 Ging Ksin 0. (31°6) 


The current is proportional to the sine of the angle of rotation 
of the coil. The constant K, the reduction factor, has the samo 
value as for the tangent galvanometer. Note that in Eq. 316 
angle 0 is the angle of rotation of the coil, and to be read off 
from the lower horizontal scale, 


| 
Since sin. 0 cannot exceed unity, the maximum current 
which may be measured with a sine galvanometer is 


rH 
omi K emu. 


Comparison of the sine and the tangent galvanometers. 


- (i) The sine galvanometer is supposed to have some advan- 
tages over the tangent galvanometer. In the latter tho needle 
moves out of the plane of the coil when it is deflected. Tho 
field into which it moves is slightly different from that at the 
centre ; further, it is not uniform. Hence the deflecting couple 
acting on the needle depends to some extent on the deflection of 
the needle and its size. The effect is sought to bo minimised by 
using very short needles. Inthe sine galvanometer the error 
due'to this cause does not arise, since the needle is finally in the 
plane of the coil. 


(ii) Except for very small angles, the sine of an angle is 
smaller than the tangent. Hence, for a given current a sine 
galvanometer produces a larger deflection than a tangent galva- 
nometer, the reduétion factor remaining the same. The sine 
galvanometer is thus the more sensitive of the two. 


4 
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(iii) A sine galvanometer cannot however measure currents 
larger than its reduction factor ; buta tangent galvanometer can. 

The tangent and the sine galvanometers are of importance 
only because they measure the current in terms which define it 
and are therefore basic instruments for measuring the current. . 
In practice, currents are more conveniently measured by means 
of an ammeter. As detectors of current they are very insensi- 
tive, very small currents producing hardly any detectable effect. 


SUMMARY 


A conductor carrying a current produces a magnetic field in the 
surrounding region. The conductor itself is not magnetised. The lines 
of force surrounding a conductor carrying acurrent are closed lines. 
They have no beginning or ending ; no free poles appear anywhere in the 
field. Fora long straight current the lines of force are circles concentric 
with the current. The direction of the field at any place is related to 
that of the current which produces it by the Right Hand Thumb Rule. 
The magnitude of the field at any plece due to a short segment of 
a conductor carrying a current is given by Laplace’s Theorem 

pratt sin @ 
P 

A circuit carrying a current is equivalent to a magnetic shell. Jf, 
looking at one face of the circuit, the current appears to be anticlock- 
wise, the face has north polarity. Ifthe current appears clockwise the 
face has south polarity. Because of this behaviour a thin coil sets itself 
with its plane at right angles to a uniform field and is attracted or repelled 
by a magnet. For the same reason a solenoid behaves as a bar magnet, 

The electromagnetic unit of current is defined on the basis of 
Laplace's theorem or on the basis of Ampere's theorem of equivalent 
shell. (See § 25and 26A). The true ampere is one-tenth the electro- 
magnetic unit of current. The international units of current, resistance 
and p.d, (See § 25A) provide convenient standards for comparison and 
measurement, They represent the true values very closely. 

The electromagnet represents an important and useful application of 
the magnetic effect of currents, Itisused widely. Thee eciric bell and 
electric telegraphy illustrate two of its important uses. 

Galvanoscopes and galvanometers are instruments meant for detecting 
and measuring currents respectively. The difference in meaning is not 
always maintained. The astatic galvanometer is really a galvanoscope 
capable of high sensitivity and can detect very small currents, The 
tangent and the sine galvanometers can measure currents in accordance 
with the principle on which the definition of current is based. They are 
thus basic instruments. As detectors of current they are not very sensi- 
tive. Galvaonmeters in which the moving system is a magnetic needle 
^re called moving-magnet galvanometers, 


358 CURRENT ELECTRICITY 


EXERCISES 


1. How can you show experimentally that a conductor carrying a 
current produces a magnetic field around it? State any law that you 
know connecting the dire:tions of the current and the fie'd, and explain 
with its he!p the deflection of a needle placed near the current. 

2. Describe the magnetic field due toa long, straight current. How 
does it depend (i) on distance, (i:) the strength of the current ? Explain 
the operation of the right hand thumb rule or Maxwell's rule in this 
connection. 

A short magnet is placed magnetic east of a long, straight, vertical con- 
ductor carrying a current and the number of oscillations which -the magnet 
makes in 2 minutes is noted The current is then reversed. The magnet 
is found to execute double the number of os:illations in the same time, 
If the horizontal intensity of the earth's field at the place is 0*3 oersted, 
find the field at the magnet due to the cutrent. Ifthe distance between 
the current and the magnetis 4 cm, what is the value of the current 
in amperes ? [ Ans. 0°18 or 0'5 oersted ; 3°6 or 10 amps. | 

3, Define the electromagnetic unit of current and the ampere. Show 
how the definition of the emu of current follows from Lapiace's theorem. 

4, Define the true volt, the internstional ampere end the interna- 
tional ohm, What is the importance of international units? How are 
they related to the corresponding true units ? 

5. State Laplace's theorem and from it find the value of the magnetic 
field at the centre ofa coil of m identical turns, each of radius r, when 
a current i emu flows through the coil. W hat is the direction of this field ? 

A current of 2 amperes flows through a coil of 20 turns, each of 
diameter 10cm, Find the field at the centre. [ Ans. 5:02. oersteds) 

6. In what way canan electric circuit be considered equivalent to 
a magnetic sbell ? 

How can sou show experimentally that a thin coil behaves like a 
magnetic shell and a solenoid like a bar magnet ? 

7. A coil carrying «current is floated in water ona large cork and 
placed in a uniform magnetic field. Explain how it will set itself in 
the field. 

How will the coil behave when a magnet is brought near it 1 

8. Explain the principle of action of a galvanoscope. 

9. What do you understand by ‘an astatiz pair of needles ? Explain 
the action of an astatic galvanometer. 

10. Describe the construction of a tangent galvanometer and explain 
how you can measure a current with it. Why is it so called ? 

1l. What isa sine galvanometer ? How does it differ from a tangent 
falvanometer? Describe a sine galvanometer and state how it is used. 

Compare the relative advantages of the sine and the tangent 
falvanometers. 
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12, State the meanings of the terms ‘reduction factor’ end ‘galvano- 
meter constant’ of a tangent galvanometer. 

A galvanometer consists of 100 turns of outer radius 205 cm and 
inner radius 195 cm. If the value of the earth's horizontal intensity 
at the place is 0314 oersted, find the values of the reduction factor and 
the galvanometer constant. 

{ Hint: Take the mean radius as the effective radius of the coil. 

Ans.: Reduction factor='01 e.m u. galv. const.=31'4 cm^!] 

13. A current of 0'72 amp flows through a tangent galvanometer 
consisting of 5 turns of wire each of 30 cm. diameter. What is the field 
atthe centre of the coil? Through what angle will the needle be 
deflected if H at the place is 0'17 oersted ? [ Ans. : 0'151 oersted ; 41°7° J. 

14. A galvanometer having the specifications given in Q. 12 is used 
as a sine galvanometer. What is the maximum current in amperes that 
it can measure. What will be the deflection if the current throngh the 
coil is 0'05 amp? [ Ans.: Olamp;30*] 

15. Explain the following : 

(a) Why should the needle of a tangent galvanometer be short ? 

(b) When the pointer of a tangent galvanometer is in the plane of 
the coil no deflection is obtained when a current passes through the coil, 

16. A small vertical coi! is freely supported at the centre of a larger 
vertical coil. Assuming the earth's field to be absent state how the 
smaller coil will set itself when a current flows through both coils. 

17. Draw a neat sketch of the electric bell and state how it acts. 

18. Describe the action of the sounder and the relay in connection 
with e'ectric telegraph. Draw a neat sketch of an electric telegraph 
system joining two stations showing one-way transmission of message and 
using a relay. 

Explain how a message can be transmitted along the line, 


CHAPTER IV 


ELECTROMAGNETISM : 
EFFECT OF A MAGNETIC FIELD ON A 
CONDUCTOR CARRING A CURRENT 


982. The Fundamental Motor Rule. 


Since a conductor carrying a current exerts a force on a 
magnet, it follows from Newton’s Third Law of Motion concern- 
ing action and reaction that the 


A magnet will also exert a force on 
Cd pe Ow (b) the conductor. 
2 AU., ; In Fig. 64(a) let AB be a small 


af x segment of a conductor carrying 
f y s a current i electromagnetic units 
MP “sp as shown, and P a point in its 
PAM 7 neighbourhood. According to Da- 

« FORC AT RIGHT ANGLES A DO'S dn 


X place’s theorem the magnetic 
TO THE PLANE OF THE PAPER field which AB produces at P ia 
Fig, 64 


pel l 9n 0 
r 
where AB=1 and OP =r, 
It is perpendicular to the plane of the paper and is directed 
towards the observer, 

Ifa magnetic north pole of strength m is placed at P, m 
will experience a force mF in the direction of the field. Since 
this foree is exerted by AB on m, m will exert on AB an equal 
and opposite force. Hence the force on the conductor AB is 


npa il sin 0 


But m/r* is the intensity of the field which the pole m pro- 
duces at AB if the latter lios in a medium of permeability “= 1", 
Representing this value by H, we have 
Force on AB= Hil sin 0 (321) 


* If AB lies in a medium of permeability 4, the field at AB due 
to the pole at P is given by H-m]ur?, Therefore m[r* eH =B, 
where B is the magnetic induction or flux density at AB (see § 51, 
MAGNETISM). 

Force on AB - Bil sin 9 

This result is perfectly general. 
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Hence we may say that 

When a conductor carrying a current i electromagnetic 
units is placed in a magnetic field of intensity H, it experi- 
ences a mechanical force whose value per unit length is Hz 
sin 0, where 0 is the angle betwoen the current and the lines of 
force, Obviously, the force is marimum when the current and the 
field are at right angles, for then 0 =90° and sin 0=1. 

Direction of the mechanical force. In Fig. 64(a) the force 
on m at P was perpendicular to the plane of the paper and direc- 
ted towards the observer. The mechanical force on AB is the 
reaction of this force and has a direction opposite to it. Hence 
the force on AB is perpendicular to the paper but is directed 
away from the observer. If the current is reserved, the force on 
m will also be reversed and so also the 
reactional force on AB, In both cases 
PO gives the direction of the lines of 
force through AB (remember that AB is 
very small) aud 0 is the angle between 
the current and the field due tom. 

The direction of the force on AB is 
given by Fleming’s Left Hand Rule," 
which may be stated as follows : 

Stretch the thumb, forefinger and 

Fig. 65 middle finger of the left hand at right 

angles. If the Forefinger points to the 

direction of the Field and the middle finger to the direction of 

the current (i), the thuMb will give the direction of the force 
(hence of the Motion) on the conductor (Fig. 65). 

To summarise: When a conductor carrying a current is 
placed in a magnetic field it experiences a mechanical force. The 
direction of the force is given by Fleming's left hand rule and the 
magnitude by Hil sin 0 where H is the intensity of the magnetic 
field, i the current in emu, l the length of the conductor and 0 
the angle between the current and the lines of force. 


* This is the only Left Hand rule with which we have to deal, 


All the rest refer to the right hand. 

` The rule may also be expressed 

in the following form, which is 

often very easy to apply. MAGNETIC 
Stretch the left hand so that the FIELO 

current flows in the direction of the 

fingers and the lines of foree pass 

(i.e. the palm faces the north pole). 

Then the force on the conductor will 

be In the direction of the outstret- 

ched thumb (Fig. 66). 
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The above is the fandamental motor rule. It provides the 
principle on which depends the action of electric motors which 
convert electrical energy into mechanical energy. It also governs 
the action of a host of very useful laboratory and commercial 
instruments, such as moving coil galvanometers, ammeters and 
voltmeters. 

Illustrative experiments. Many experiments have been 
devised to demonstrate the existence 
of the above force. Some of the most 
well known are as follows : 

(1) Barlow’s wheel. A small, 
copper wheel, capable of easy rota- 
tion about an axis through its centre, 
= = is mounted between the poles of a 
Fir. 67 strong magnet (Fig. 67). Its rim dips 
into a small trough of mercury, which 
is connected to one pole of a battery. The other pole is connected 
to the axis of the wheel, so that the current flows radially along 
the spokes. 


: When the current flows, the wheel rotates continuously. The 
direction of the force on a spoke which carries the current from 
the axis to the rim can be found out from Fleming’s left hand 
rule. For the arrangement as shown in Fig. 67 the wheel will 
be found to rotate in an anticlockwise direction. If the current 
is reversed, the wheel will rotate in the opposite direction. The 
same applies if the north and south poles are interchanged. To 
obtain the best effect the lines of force of the magnet should be 
perpendieular to the plane of the wheel. The wheel may bo 
replaced by a solid dise. Often this dise is made in the shape 
of a star. 

(2) Rotation of a current round a magnet. 

A conductor is suspended at its upper end from a 
hook and dips at tho lower end in a trough of mer- 
cury (Fig. 68). One pole of astrong bar magnet projects 
a little through the mercury. When a current flows 
through the conductor, it rotates continuously around 
the pole of the magnet. 

The sense of rotation can easily be derived from 
^ consideration of the nature of the magnetic field. 
This is shown separately in Fig. 69. If the current 
flows down wards, then looking in the direction of tho 
current from above, the conductor will appear to 
move clockwise around a north pole. A reversal of 
current or of polarity of the magnet reverses the 
motion of the conductor. Fig. 68 


_(3) Principle of the electromagnetic Oscillograph. Fold a 
thin copper wire on itself and stretch it between the poles of an 
electromagnet as shown in Fig. 70. Attach a light mirror M to 
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both limbs of the wire. Send a current through the wire and 
excite the electromagnet. One limb of the wire will be urged 
forwards and the other backwards, since the current flows in 
opposite directions through the limbs. This will cause the 
mirror to turn. A beam of light reflected from the mirror shows 
the effect clearly. 

This is the principle of the electromagnetic oscillograph, which 


can be put to a great variety of uses. 
| f 


Fig. 69 Fig. 70 


Examples. (1 A conductor 5cm long carrying a current of 2 


amperes is placed perpendicular to a magnetic field of intensity 200) 
oersteds. Calculate the force on it. 

What will be the force if the conductor is (a) parallel to the field, 
(b) placed at an angle 30° to the field ? 

Solution: Force=Hil sin 8 

Here H 2000 oersted, i=2 amp=0°2 emu, /=5 cm. In the first 
case, 0=90°. 

s. Force =2000x 2x5 sin 90* 2 2000 dynes. 

In the case where the conductor is parallel to the field, 60 and 
sin 9-0. Hence the mechanical force on the conductor is also zero. 

When 62-309, force - 2000 x 2x5» sin 30°=1000 dynes. 

(2) Ina motor there are 250 conductors each 10 inches long arranged 
on the surface of a cylinder parallel to its axis. The magnetic field is 
perpendicular to the surface of the cylinder and so directed that the 
force on all conductors acts tengentially round the cylinder in a clockwise 
direction If the diameter of the cylinder is 20 inches, find the total 
torque on it when the current through the conductors is 12 amperes, 
given that the intensity of the magnetic field at the conductors is 20, 
cis units. 

Solution: Force on each conductor Hi! sin 0 

—20,000x 12x 10x 2:554x1 [10’=10x 2°54 cm] 
=6 096x105 dynes. 
Torque due to this force =force x arm 
=6:096X 10% dynes x 10x 2°54 cm=1'548x 107 dyne cm. 

Total torque=number of conductors x torque for each. 

=250 x 1'548 x 107 =3°87x 109 dyne. cm. 
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33. Torque on a Coil in a uniform Magnetic Field. 


Consider a rectangular coil ABCD (Fig. 71) suspended 
vertically in a uniform horizontal magnetic field of intensity H. 
The sides AB and CD are vertical and the 
lines of force make an angle of 0 with 
the plane of the coil. Let the coil carry 
a current of i electromagnetic units as 
shown. Si 

Consider the limb AB. The lines of 
force are perpendicular to it. It carries a 
current i and has a length 1, say. Apply- 
ing Fleming’s left hand rule we find that 
it will be acted on by a force which is 
Perpendicular to the plane of the paper 
and directed away from the reader. The Fig. 71 
magnitude of the force is Hil. 


The limb CD is acted on by an equal force ; bu& since the 
current in it flows in a direction opposite to that in AB, the 
force on it will be oppositely directed, i.e., it will be directed 
towards the reader (as Fleming's left hand rule will also show). 

These t wo equal and opposite forces Hil, acting at different 
parts of the coil constitute a couple whose moment is equal to 
Hil* AD cos 0 — Hilb cos 0. (b= AD). 

." The forces on the horizontal limbs AD and BC are Hib sin 0 
each and act vertically downward and upward on the limbs AD 
and BC respectively. They therefore balance each other. 

The coil is therefore acted on by a couple of moment Hilb 
08 0 which tends to rotat? it so as to set the plane of the coil 
perpendicular to the lines of the field. In this position 0 — 90? 
and the torque reduces to zero. 


If the coil is held with its plane parallel to the lines of force, 
9=0, and the torque has the value Hilb-AHi where A lb 
represents the area of the coil. For a coil of n identical turns, 
the torque in this position is nA Hi. 

Example A rectangular coil cf length 10cm and breadth 1:5 cm 
consists of 100 identical turns, It is placed ina uniform field of 250 
oersteds. Find the torque acting on it when a current of 1 milliampere 
passes through it. What force applied at a corner of the coil perpendi- 
cular to its plane will be required to hold’ it in position, assuming that 
the coil can rotate about an axis in its plane passing through its centre 
parallel to its length ? 


Solution : Torque =nAHi=100x 15x 250x 10-4 =37°5 dyne cm. 


"n "T Torque 375 
Force to hold th l in ti 4. C - ; 
o e coi position = LA 152 50 dynes 
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34, The Moving Coil Galvanometer. 


The action of a moving coil galvanometer 
depends on the torque which acts on a 
rectangular coil placed in a uniform magne- 
tic field with its lines of force parallel to 
the plane of the coil. 


Construction. It consists of a rectangular 
coil C (Fig. 72) of many turns of the fine in- 
sulated copper wire suspended by means of a 
fine strip L of phosphor-bronze (or gold). The 
coil lies between the pole pieces N and S of a 
strong permanent magnet. One end of the 
wire forming the coil is connected to the 
lower end of A; the other end is attached 
to a very fine spiral spring P. The terminals 
of the instrument are connected to the 
upper end of A and the lower end of P, The 
current is led into and out of the coil 


through these terminals. 


The pole faces are cylindrical in shape 

and concaye towards the coil (Fig. 73) The 
Taxis of suspension of the coil is coaxial with 
"this cylinder. A soft iron cylinder 7 is placed 
:ceo-axially with the pole faces and is rigidly 


‘attached to the body of the instrument. The Fig. 72 
coil lies outside this cylinder and can rotate 


Fig. 73 


freely in the Space between it and 
the pole faces. Fig. 74 reprosents 
a transverse horizontal section 
through 7, NS and the vertical 
limbs of coil. 


The purpose of cylindrical pole 
faces is to provide a radial field, 
i^, a field of which the lines of 
foree in a. transverse section are 
directed along tho radii of a cirele 
(Fig. 74). The soft iron cylinder 
improves the radial nature of the 
field. and, further, increases its 
strength. The smaller the air 
gap the stronger the field. 


Because of the radial nature 
of the field, the lines of force are 
parallel to the plane of the coil 
for all. positions of the coil. The 
lines are also Perpendicular to the 
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vertical limbs of the coil. Further, at a given distance from the 
axis the intensity of the field has the same value, Hence when 
the coil is correctly mounted it moves in a field of constant 
intensity. 

Theory. When a current 7. e.m.u. passes through the coil, 
it experiences a torque nAHi (See $ 33) where n is the number 
of turns of the coil, 4 tho area 
of a single turn and H the 
intensity of the field in which 
the coil moves. This makes 
the coil rotate about its axis 
of suspension and causes the 
latter to twist. The twist of 

Fig 74 the suspension brings into play 

a restoring torque proportional 

to the twist. Equilibrium occurs for a twist 0 for which the 

restoring torque is equal to the torque deflecting the coil. If C 

is the torque per unit twist of the suspension, the restoring 
torque is C0. Hence for equilibrium 


nAHi- C 0 
NC Cf 
or i aan’ 


The current is thus proportional to the angle of twist. 
By means of a mirror M attached to the coil, its rotation @ can 
he measured,” if necessary. 


* À beam of light is reflected from the mirror M and forms a sharp 
image of a line on a scale placed at a distance. If the mirror turns 


ELA ERE 


Fig. 75 


through ø, the image is displaced by 28 (Fig. 75). Knowing the distance 
of the scale from the mirror and the displacement of the image it is. 
possible to calculate 6. 
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Advantages of the moving coil galvanometer. This type 
of galvanometer has several advantages over the moving magnet 
type. In the latter much care has to ba taken to avoid the 
effect of stray magnotic fields on the needle, But this one is 
practically free from such effects. The resistance ofthe fixed 
coils through which the current flows in a moving magnet 
galvanometer is high ; in the more sensitive types the resistance 
is very high, But a moving coil galvanometer may be constricted 
to have a low resistance and at the same time have a fairly 
high sensitivity. Properly constructed moving coil galvanometers 
can detect current upto 107*? or even 107+ amp. 

Portable moving-coil galvanometers. The galvanometer we 
have just now described was invented independently by Desprez 
and D’ Arsonval about 1862, But it is gene- 
rally known as the D'Arsonval galvanometer. 
Because of the delicate suspension it is not 
convenient to carry it about. i 


In portable galvanometers the delicate 
suspension and the fine spiral of the 
D'Arsonval galvanometer are done away 
with. The coil is pivoted on jewelled bear- 
ings (Fig. 76). The current is led in and 
out by means of spiral springs (S,, S5) which 
also supply the restoring torque. Wherethere 
are two spirals they are wound in opposite 
directions (Fig. 76) so that one neutralises the effect of change 
of temperature of the other. Thero may be only one spring, the 
other lead being provided by a flexible conductor. The coil is 
attached to a long, light pointer which moves over a graduated 
scale. Such galvanometers may be arranged to produce a 
deflection of one division on its fixed scale for a current of 107^ 


or 107° ampere. 9 
$ wN 
—À 


F È 


Fig. 77 Fig. 78 
Part II — 4 
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Some galvanometers are supported ona single pivot at the 
centre of the coil (Fig. 77). When not in use the coil may be 
raised from its support and locked. This is done by & lever. 


In another class of moving coil galvanometers, the coil is 
supported by two fine strips of phosphor-bronze under tension 
(Fig. 78). ‘The twist of the strips provides the restoring torque, 
They also serve to lead the current in and out. Such instruments 
are known as taut-suspension galvanoneters. 

The permanent magnet and the soft iron core are practically 
of the same kind in these instruments asin the D'Arsonval 
'galvanometer. 


35. Galvanometer Shunts 


A galvanometer is a delicate instrument and must be handled 
carefully. Sometimes the current in a circuit may be too large 
for the galvanometer we are using. It may cause too big a 
deflection, driving the pointer sharply against the stop at the 
end of the scale and damage the needle. Ifthe current is large 
enough it may burn the spiral, the suspension or even the coil. 
When the current is too large we send only a fraction of it 
through the galvanometer. This is done by joining its terminals 
by a resistor, termed a shunt. 

A galvanometer shunt is thus a resistor connected across 
the terminals of the instrument and hence in parallel with it. 
The shunt provides an additional 
path for the current—in fact 
‘shunts’ a part of the current 
from the galvanometer—and pre- 
vents too strong a current from 


€ B passing through the latter. 
À, S To be effective a shunt must 
3 have the appropriate resistance. 
Fig. 79 In Fig. 79 let G be the resistance 


of a galvanometer and S that of a shunt whichis connected to the 
galvanometer terminals AB. A current O coming upto the com- 
bination will divide at A, Let the current through the galvano- 
meter be C and that through the shunt C- If V be the 
potential difference between A and B, we have 


Y-GC-8SC, 
Further €,*0-70€C 
From these equations we get 


Ca _ S... current in galv. _ shunt resistance 


C, G current in shunt galv. resistance 


8 Mods 
grs 979" ges 


and 0,=C* 
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If it is required to send 1/n fraction of the total current 
through the galvanometer we shall haye à 


aCe 8. - 
nC Gist G+S=n0 
whence s= x G. 
n-1 


The factor (G-- S)/S by which the galvanometer current 
must be multiplied to got the total current is called the multi- 
plying power of the shunt. A shunt therefore enables us to 
measure a current much greater than what the galvanometer 
alone ean do. This principle is utilised in ammeters discussed in 
the next section, 


Examples (1) A galvanometer has a resistance of 100 ohms. Find the 
value of the shunt resistance which will cause one-tenth. of the total 
current to pass through the galvanometer. What is the equivalent resis- 
tance of the galvanometer with the shunt ? 


uus Gau. S at 
Solution : "C" Gs 16 
or 9S =G =]00, i.e. s=113 ohms. 


Tf R is the equivalent resistance 
Pv EV O . 91 1 


Ro sS" 100 300^ i5 or R=10 ohms, 

(2) A galvanometer of resistance 10 ohms is shunted by a resistance 
of 0'2 ohm. What fraction of the total current passes through the 
shunt? What fraction through the galvanometer ? What is the multi- 
plying power of the shunt ? 


Solution : Fraction of the total current through the shunt 
=-Ca. G 10 _ 50 


C G+S 102 51 
Fraction of the total current through the galvanometer 
Cg S ur al 
C0 "G45 102" 51 
Multiplying power of the shunte onl. 
o 


(3) A galvanometer of resistance 20 Ohms can carry safely a current 
of 1 milliampere. Ita current of 2 ampere comes upto it, what must be 
the value of the shunt in order that the falvanometer may not be 
damaged ? What is the equivalent resistance of the shunted galvanometer ? 
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Solution: 1 milliamp=°001 amp 


EM o n aD of the total current should pass tbrough the 
galvanometer, 
G+S Dur al 
Hence 3 200 or S i95 € 155 9hm- 
TV 71134 10199 
R^G*s739* 20” 
*, Rs*lohm. 
36, Ammeters 


An ammeter is a commercial instrument for measuring 
a current directly in amperes. The moving-coil ammeter is a 
moving-coil galyanometer shunted by a low resistance. It con- 
tains a rectangular coil of fine insulated copper wire (C, Fig. 80), 
wound on a light frame and mounted in jewelled bearings 
between the poles (N, S) of a strong, permanent horse-shoe 
magnet M. The pole faces are cylindrical, the air gap between 


Fig. 80 


them being reduced by a soft iron cylinder J, conxial with the 
poles. The coil moves in the narrow gap between Tand NS. 
The current is led into and gut of the coil by two spiral springs, 
one (S,) above the coil and the other (not shown in the diagram) 
below it. The springs are wound in opposite directions and 
supply the opposing torque, They are connected to the two 
terminals A and B of the instrument. A and B are connec! 
together by a shunt which is in the form of a metal strip and 
has a low resistance, 
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A long needle P attached to the coil moves over a properly 
graduated scale and gives the value. of the current in amperes. 
The deflection of the needle is proportional to the current. The 
scale is an essential part of the instrument. 


Note that only a small, but definite fraction of the total 
current goes through the movable coil, the major part being 
carried by the shunt. The resistance of the ammeter is very 
small—it is practically the resistance of the shunt, 


Connecting an ammeter to a circuit. An ammeter should 
always be connected in series in the circuit in which the current 
is to be measured. To measure the current flowing through the 
bulb B in Fig. 81 eut open the line carrying the current and 


insert the ammeter in series with the bulb. Care must be taken 
to connect the positive (+) terminal of the ammeter to the positive 
(+) side of the line Unless the current flows through the coil 
in the proper direction the needle will tend to deflect towards 
the wrong side of the scale. This may damage the needle. 


Example. A galvanometer of resistance 10 ohms gives full scale 
deflection when a current of 1 milliamp flows through it, It is converted 
into an ammeter reading upto a maximum of 1 amp by connecting a shunt 
across it. Calculate the value of the shunt and the resistance of the 
ammeter, " 


Solution: When a current oflamp comes upto the ammeter only 
1 milliamp should pass through the coil and the rest, 5.6, 999 milliamps, 
through the shunt. 


galv. current _ shunt resistance 


Since IT 
shunt current galv. resistance 
galv. current 


ista alv. resistance x 
we have, shunt resistance =g; eu toneaent 


2. 
10x 55 "509 ohm. 
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Equivalent resistance R of the combination is the ammeter resistance. 
1 1 ,99100 or R=01 ohm. 


37. Voltmeters. 


The voltmeter is a commercial instrument for measuring the 
potential difference between two points directly in volts. The 
moving-coil voltmeter is essen- 
tially a moving-coil galvano- 
meter with a highresistance in 
series with it (Fig. 82). Its 
construction is the same as 
that of the ammeter except 
that there is no shunt; but 
there is a high resistance (R) 
inserted in series with the coil. 
The current through the ins- 
trume:.t is very small; but the 
whole of the current passes 
through the coil. The accuracy 
ofa voltmeter is greater the 


Fig, 82 
smaller the current it draws. 


When a voltmeter is connected across two points differing in 
potential by V, a small current [=V/R passes through the coil. 
R is the resistance of the entire instrument and has a large 
value, J causes a deflection of the coil and hence of the needle 
moving on the scale. Since E is fixed fora given instrument, 
the deflection of the needle can be calibrated directly in volts. 

Note that a voltmeter always records the potential difference 
between its own terminals. It must be connected across the 
points between which the potential difference is to be measured. 
In Fig. 81 if it is desired to measure the p.d. between the termi- 
nals of the bulb B, the voltmeter must be connected to the 
terminals of the bulb. It will therefore be im parallel with the 
bulb. In the diagram the high resistance has been shown 
separately ; but it is generally incorporated within the instru- 
ment. As in the case of an ammeter, the positive (+) terminal 
of the voltmeter must be connected to the positive side of the 
circuit. 

Example. The galvanometer cf specifications given in the numerical 
example of the previous article ($ 36) is to be converted into a voltmeter 
reading upto 10 volts. Find the resistance which must be put in series 
with it. 

Solution : For full scale deflection the p.d. between the terminals of 
the coil is 10 ohmx1 milliamp="01 volt. If the voltmeter is to read 
upto 10 volts, only *01 volt of the total drop of potential must occur over 
the coil, the rest of the drop, i.e., 9:99 volts, must be taken up by the 
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series resistance. Since the coil and the additional resistance are in series, 
the same current passes through both and the ratio of the p.d.'s over 
them are as their resistances (5 18.) 


. Additional resistance 9:09 


** Resistance of coil: — 01 


or additional resistance =999 x coil resistance 
=9990 ohms. 


88. Effect of Currents on Currents, 


A conductor carrying a current produces a magnetic field 
around it. Also, a mechanical force acts on a conductor carrying 
a current when placed ina magnetic field, Hence if two con- 
ductors, each carrying a current, are placed near each other, one 


(a) (bi 
Fig. 83 


will exert a force on the other. If the two currents are parallel 
(Figs. 80a and 83b), an application of Fleming's left hand rule 
shows that the force is one of attraction when the currents flow 
tn the same direction. When the currents flow in opposite direc- 
tions the force is one of repulsion. Note that this applies to 
each conductor. So we arrive at the result that 


Currents in parallel wires in the same direction attract one 
another. 


Currents in parallel wires in opposite directions repel one 
another. 


Application of Fleming's rule may easily be extended to 
the case where the currents are inclined to each other. It leads 
to the result that 
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Currents moving towards or away from & point atiract each 
other. When one current flows towards a point and the other 
away from it, a repulsion 
occurs between thetwo, The 
id) results are represented in 
l Fig. 84. 

The behaviour of two 
EEA current-carrying wires may 
also be understood by study- 
f ing the magnetic’ field 
produced around ^ them. 

REPULSION Fig. 85(à) shows the field 

o 
Fig. 84 when the currents flow in 
the same direction (both 
away from the observer). Most of the lines of force surround both 
conductors. Because of the tendency of the lineb to contract, the 
two conductors will be drawn towards each other, Tig, 85(b) 


2o 


Fig. 85 


gives the field when the currents flow in opposite directions. No 
lines of force embrace both conductors. Because of the lateral 
repulsion between lines of force the conductors will be pushed 
away from each other, 


Experimental verification. (1) The above conclusions re- 
garding the attraction and repulsion between currents may be 
experimentally tested by means of the arrangement indicated in 
Fig. 86. A frame-work W, Wa Ws, W, is made of stiff copper 
wire and suspended at D by a fine torsionless thread. The ends 
of the frame-work dip in mercury eups A and C. M, N are 
flexible conductors through which currents may be sent in any 
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dircetion, Mor N may be brought near any of the limbs W;, 
2 ete, Attraction or repulsion between the two occurs accord- 


Fig. 86 
ing to the directions of the current in them. All the above 
conclusions may be verified by this means. 

(2) Roget’s vibrating spiral. An interesting demonstra- 
tion of attraction between parallel currents is provided. by 
Roget's vibrating spiral (Fig. 87). It consists of a 
long coil of copper wire, a few centimetres in dia- 
meter. Tho upper end is fixed and connected to 
a binding screw, while the lower end, termina- 
ting in a metal ball, just touches some mercury in 
acup. When a current is passed through the 
coil, it flows in parallel directions through succes- 
sive turns. Each turn therefore attracts the 
other. The coil contracts and the cuerent is 
broken. As soon as this occurs, the attraction 
ceases. The coil expands and establishes the 
current again. The process is then repeated and Fi 
the spiral goes:on vibrating so long.as the source 16.87 
of emf remains connected to it. 

We may look upon the process that oceurs in a different 
way also. Hach turn of the coil may be taken as equivalent to 
a magnetic shell with opposite polarities on opposite faces. Since 
the current flows in the same direction through allthe turns, 
neighbouring faces of adjacent turns will have opposite polari- 
ties. Each turn therefore attracts its neighbour and shortens 
the coil. 

Many instruments depend for their action on the force 
exerted by a fixed coil on a movable coil. Such instruments may 
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be used for measuring currents, as in the Kelvin ampere 
balance, or electric power, as in watimters, 


SUMMARY 


When a conductor carrying acurrent is placed ina magnetic field, it 
is acted on by a mechanical force perpendicular both to it and the field. 
Thedirection ofthe force is given by Fleming's Left Hand Rule. The 
magnitude of the force is Hil sin 0 where H —intensity of the field, 
i-current in e, m. u., J=length of conductor and @=angle between 
conductor and field. The force is a maximum when 6-90? and zero 
when 6-0. 

The force may be demonstrated by means of Barlow's wheel. 

A coil placed parallel to the lines of force of a uniform field experiences 
a couplé of moment n AHi, which tends to set it perpendicular to the field. 
(n=number of turns in the coil, A=area of each turn). Action of 
moving-coil galvanometers depends on the above result. The movable 
coil is placed in the field of a fixed permanent magnet, When a current 
passes through the coil, it is defected. Its rotation is opposed by the torque 
due toa spring orto a twisted suspensicn. The deflection of the coil is 
proportional to the current through it, 

A galvanometer shunt is a resistance connected across the terminals of 
the instrument. It is in parallel with the coil and diverts a part of the 
total current. The coil may thus be saved from damage due to a heavy 
current. A shunt of given resistance always causes a definite fraction of 
the total current to pess through a given galvanometer. The ratio of the 
total current to the galvanometer current is called the multiplying power 
of the shunt. It is equal to (G+S)/S where G=galvanometer resistance 
and S =shunt resistance. 

By using a low resistance shunt it is therefore possible to measure a 
much larger current than what the galvanometer can carry, This is the 
Principle of the ammeter. Itisin fact a galvanometer shunted by alow 
resistance and carries a scale calibrated in amperes. Its effective resistance 

is very low. It must be connected in series with the part of the circuit 
where it is intended to measure the current, The positive terminal must 
be connected to the positive end of the circuit. 

A voltmeter isa galvanometer with a high resistance in series with 
the coil. It measures the potential difference between its own terminals 
directly in volts. In use it must be connected across the points between 
which it is required to measure the p.d. It will thus be in parallel with 
a resistor whose terminal p.d. is sought to be measured. 

Conductors carrying currents exert forces on one another. When the 
currents are in the same direction or flow towards or away from the 
same point, there is attraction. In other cases repulsion occurs. The 

direction of the force may in all cases be found by applying Fleming’s left 
hand rule, 
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EXERCISES 


1. How can you show experimentally that a mechanical force acts 
on a conductor carrying a cürrent when placed in a magnetic field? State 
the rule giving the direction of the force and write down the expre sion 
giving its magnitude. 

2. Give a neat sketch of the Borlow's wheel arrangement. Apply 
Fleming's rule to find the direztion in which the wheel will rotate for the 
orientstion of the magnet and the current you have sketched. 

What will be the effect of the following on the direction of rotation 
of the wheel : (i) reversal of the magnetic field, (ii) reversal of the current, 
(iii) reversal of both field and current ? 

What will be the effect of the following on tke rotation of the wheel : 
(i) decreasing -he current, (ii) increasing the field ? 

3. Describe experiments to demonstrate (i) the rotation of a pole 
round acurrent, (ii) of a current round a pole. 

4. Obtain an expressicn for the torque acting on a rectangular coil 
Carrying a current and placed in a uniform field. When is this torque 
(i) a maximum, (ii) zero ? 

5. Describe the construct:on of a D'Arsonval galvanometer and briefly 
explain how it acts. 

How does a portable moving-coil galvanometer differ from the above ? 

6. Describe a moving-coil ammeter and state the action of its princi- 
pal parts. How should it be connected in measuring a current through 
a circuit ? 

Anammeter hes a resistance of ‘01 ohm and a range of lamp. An 
inexperienced observer wants to measure with it the current through a 
1000 ohm resistance connected across 200 volt maizs. In doing so he 
connects the terminals of the ammeter to tke terminals of the resistence. 
What will he find ? 

[Hint: The p.d. between the terminals of the resistsnce is 200 
volts, This p.d. is applied to the ammeter. Calculate the current through 
the ammeter, Before this value is reached the coil would be burnt ] 

7. Describe a moving-coil voltmeter and state the action of its princi- 
pal parts. How should it be connected in measuring the potential 
difference between the ends of a resistor? 

A voltmeter has resistance of 250,000 ohms and a range of 250 volts. 
It is used to measure the terminal p.d. of a bulb of resistance 2000 ohms 
connected across 200 volt mains, A thoughtless experimenter connects the 
voltmeter in series with the bulb. What will it read ? 


[ Hints : Current through bulb and the voltmeter sp I is 
amp. Hence p.d. between terminals of voltmeter= i x 250000 = 198'4 


volts nearly. This will be reading of the voltmeter. ] 
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8. A wire 1 meter long is stretched straight and held horizontally 
at right angles to the earth's magnetic field at a place where that field 
has horizontal and vertical components of 0°33 oersted each. What is 
the direction end value of the force acting on the wire when the current 
initis15 amp? [Ans.: 70 dynes directed at 45? to the horizontal plane 
and perpendicular to the wire. ] 

9. What is a galvanometer shunt ? A galvanometer of resistance g 
is provided with a shunt of resistance s. If the current in the circuit 


is i, show that the current through the galvonometer will be prie xt 


10, Find the resistance of a shunt which when joined to a galvano- 
meter of resistance 245 ohms will send 1/50 of the total current through 
the galvanometer. Find also (i) the joint resistance of the galvanometer 
end the shunt, (i) the external resistance which must be put in series 
with the combination so that the current in the circuit may be altered. 

EL Hint for (ii): With the shunt on, the resistance is less than before. 
Question (ii) asks for the extra resistance needed to reach the same value 
as that of the galvanometer aione. Ans.. Shunt resistance 5 ohms ; 
(i) 4'9 ohms ; (fi) 2401 ohms. ] 

11. A tangent galvanometer of resistance 5 ohms is connected in series 
with a resistance of 10 ohms and a cell of e.m.f. 15 volts and internal 
resistance 3 ohms, It gives a deflection of 45°. Find its deflection when 
shunted by a resistance of 3 1/3 ohms, the 10 ohms resistance being cut out. 
What is the reduction factor of the galvanometer ? 

[Ans.: Reduction factor=1/12 amp; ó—tan-1 1:44 J 

12. A rectangular coil of height 10 cm and width 8cmis placed in a 
magnetic field of strength 200 units. Calculate the couple actirg on it 
when its plane makes an angle of 60° with the lines and a current of 2 
amp flows in the coil. [ Ans: 1600 dynes. cm. ] 

13. A galvanometer gives a deflection of 1 division on its scale when 
a p.d. of 2 microvolts is impressed on it. Its resistance is 4 ohms, What 
will be its deflection when it is connected with a storage cell of emf 
2 volts through a resistance of 1 megohm ? [ Ans : 4 divisions | 

l4. The moving coil in an ammeter has a resistance of 25 ohms. 
The pointer fastened to the coil gives full-scale deflection when 0:025 
ampere passes through it, What must be the value of the shunt resistence 
so that the instrument reads 50 amp at full scale? [ Ans : 00125 ohm. J 

15. A galvanometer has a resistance of 10 ohms and produce a full- 
scale deflection when the current through it is 5 milliamp, Find (a) the 
shunt resistance which will convert it into a 15-amp ammeter, (b) the 

"series resistance which will make it a 3-volt voltmeter. 
[Ans : (a) '003334 ohm, (b) 590 ohms ] 


CHAPTER V 
ELECTRICAL MEASUREMENTS 


39. Some Simple Electrical Accessories, 


To carry out an electrical measurement requires not only 
the necessary instruments, but also a number of accessories, 
such as (a) fixed-resistance coils, (b) resistance boxes, (c) adjust- 
able resistances or rheostats, (d) keys, (e) commutators etc. We 
shall first of all describe some of them and mention how they 
should be used. 


(a) Fixed-resistance coils. Coils of wire having definite 
known resistances (in ohms) are largely used in electrical 
measurements. Two brass terminals (4, B ; Fig. 88) are fixed 
ina plate of ebonite or vulcanite and the ends of a piece of 
insulated wire (W) having the necessary resistance are fastened 


Fig. 88 Fig. 89(a) Fig. 89(b) 


to them. The wire is wound back on itself as shown to reduce 
the effect of induced currents (see § 68, Chap. VIII). For small 
resistances the wire is short and thick ; for large resistances it 
is long and thin. Such resistance coils are often wound on 
wooden bobbins and insulated by dipping in molten wax. 


Manganin (an alloy of about 84 Cu, 4 Ni and 19 Mn) is 
generally used as the material of the wire. It has a fairly high 
specific resistance (about 42 x 107° ohm. cm) and an almost zero 
temperature coefficient of resistance. Hence the resistance of a 
coil of this material remains more or less constant at different 
temperatures. À 

Standard resistances. These are resistance coils of fixed 
value, very carefully constructed so as to represent the stated 
value as closely as possible. The external appearance and inter- 
nal arrangement are shown in Figs. 89(a) and 89(b) The leads 
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are two hook-shaped copper rods, whose resistance is negligibly 
small. They are hung In mercury cups when in use. The coil 
is immersed in oil, whose temperature can be measured by æ 
thermometer and allowance made for the very small change of 
resistance with temperature, 


(b) Resistance boxes. A 
resistance box consists of a 
a number of fixed resistance 
coils so mounted in a box 
that any number of them 
7 could be used ata time in 
= oh eia ^1 series. The terminals of a 
j Es RY coil are connected to two 

S Sy brass blocks mounted on a 
[> sheet of ebonite or vulcanite, 
The blocks (M ; Fig. 90) are 
Fig. 90 separated trom each other. 
The coil may be short cireuited by putting conical brass plugs (P) 
with insulating handles into conical holes (G) between the blocks. 
Fig. 90 shows the internal and external arrangement. B is the 
bobbin, C the coil. Two terminals (not shown in the figure) 
are attached to the extreme brass blocks. When a plug short 
circuits a coil the current 
passes through the plug 90° .81.21:2:.:4 A 
from one block to the NO NONNC 
next. The resistance of Es 


the coilis then inopera- 


Coley, 
771 RIH, 


tive. To use a resistance 10 
in corresponding plug is 
taken out ; in that case RUN JN A 
the eurrent flows from 
one block to the next 20 20 $0 100 200 B 
through the wire. : 

Fig. 91 shows a dia- Ei. 91 
grammatico ^ arrangement of the blocks and the holes 
separating them. A and Bare the terminals of the box. 
The number near a hole represents in ohms the resistance of the 


Fig. 92 
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coil connecting the blocks on two sides of the hole. For the 
values given in the figure, any value of resistance from 1 to 490 
ohms may be included between A and B. 

(c) Rheostats or variable resistance. A rheostat means a 
variable resistance. It may be of the sliding or rotary type. A 
sliding rheostat (Fig. 92) consists of a coil of bare wire wound 
upon a non-conducting i 


cylinder, with the turns C 5 D 
€lose together but not in A 
contact. The ends of the X. B 


wire are connected to Fig. 93 

the terminals A and B. 

CD is a metal rod with a terminal at D. Sisa sliding metallic 
contact which connects CD and the coil. 

If the rheostat is connected with a circuit at A and B, the 
whole of its resistance is included in the circuit and no variation 
will be introduced by sliding S. But if it is connected at A and 
D, sliding S brings different lengths of the coil within the circuit 
and hence different resistance (Fig. 93). 

Ina rotary rheostat the 
coil may be wound on a cir- 
cular "former" (Fig. 94) of 
insulating material. A re- 
volving switch arm turned 
by a milled head makes 
contact at different places of 
the coil. ‘Terminals are 
attached to the ends of the 
wire and also to the re- 
volving switch arms. When the circuit is connected between 
one end of the coil and the switch arm, variation of resistance 
an be introduced by turning the switch. 

In some cases a number of coils are mounted on an insula- 
ting frame and their upper ends connected together in pairs as 
shown in Fig. 95. The lower ends are connected by thick copper 
wires to studs a, b, c,d etc. The terminal B is connected to one 
end of the coils and A to a revolving switch arm S which moves 
over the studs and brings varying resistances into the circuit, 
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(d) Keys are simple devices for making ot breaking a circuit. 
Fig. 96 represents a plug key. There are two. brass blocks with 


Fig. 96. 


Fig. 95. 


terminals attached to them. The blocks are mounted on an 
insulating base A conical hole separates the blocks. When the 
plug is inserted into the hole, metallic connection is established 
between the terminals, which are connected to the circuit. 

Fig. 97 shows a tapping 
key. The insulating knob K 
is carried at one end ofa 
springy metal strip. The ter- 
minal A is connected to one 
end of the spring and the 
terminal B to a button N. 
When X is depressed metal- - 
lic contact is established Fig. 97 
between A and B. Thus the circuit closes only when K is 
depressed. 


(e) A commutator is a device for reversing the current 
through a circuit or a part of it without changing the connections, 


A 4 There are several types, 
mo x of which the quadrant 
s de commutator is one. It 

: A = consists of four blocks of 
brass mounted on an in- 

1 sulating base and sepa- 

| e ds rated from each other 


(Fig. 98), Adjacent blocks 
may be put into metallic 
—_—_———_————"_ contact. by inserting & 
Fig. 98 plug which fits into a 


| 
AM WM 


ELECTRICAL MEASUREMENTS 383 


in the holes Q and S, the current through the circuit will flow 
from C to B : it is reversed. 


40. Verification of Ohm's Law, 


Having acquired Some familiarity with the more important 
electrical measuring instruments and accessories, we are now in a 
position to consider a few measurements. In view of the im- 
Portance of Ohm’s law, we shall first of all consider how it may 
be experimentally verified. 


A. Direct verification of Ohm’s law, For this we have to 
show that the current through a resistor js proportional to the 
p-d, between its ends, so long as the temperature is constant. 
We can use an ammeter to 
measure the current and a 
voltmeter to measure the 
p.d. The resistor R (Fig. 99) 
may have a value of about 2 
or 8 ohms, the ammeter A a 
range of lamp and the volt- 
meter Va range of 3 volts, 
The battery may consist of 
two lead storage cells. r is a 
Sliding rheostat of about 
40 ohms. They are connected Fig. 99 
as shown in the figure. The 
terminal p.d. of the resistor R is measured by the voltmeter V 
and the current through the resistor by the ammeter 4. 


Starting with a small current (r near its maximum) read the 
current from A and the p.d. at the ends of R from V. Alter 


* An indirect verification of a law is in no way of lesser value than 
a direct one provided it brings out tho issue clearly. In many cases a 
direct verification cannot bo-arranged (cf. Newton's First Law of Motion). 
Both mothods are used in science. 
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the current step by step (by gradually reducing r) and take the 
readings of A and V. Divide the various readings of V by the 
corresponding reading of 4. You will find that 
P.D. at the ends of 
Current through R ee: 


This is Ohm's law. If the temperature of R changes during 
the experiment, the result will be vitiated. 
Note that the constant is the value of the resistance of R in 


ohms provided that the p.d. was read in volts and the current 
in amperes. 


B. Indirect method of verifying Ohm's law. When a battery 
of emf E and internal resistance r is connected to an external 
cireuit of total resistance R, the current through the circuit is 
i=E/(R+r). This relation has been established with the help of 
Ohm's law and a verification of this relation is an indirect 
verification of the law. 

If the external circuit contains a tangent galvanometer, the 


tangent of the deflection of the needle will be proportional to i, 
the current through coil. 


Circuit without Circuit with commutator to 
commutator reverse current through R. 
Fig. 100 


Let a circuit be arranged by connecting a battery B toa 
resistance box (R.B., Fig. 100) and a tangent galvanometer in 
series. If 2, is the resistance in the box and R that of the 
galvanometer, we shall have 


3 E 
i r+R,+R, É tan ð 


er o= + By+R) (40.1) 
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For a given arrangement E, r, Ry and K have fixed values. As 
we change the value of Ry, 9 will also change. 


The experiment consists in giving BH, different values and 
noting the corresponding 6. Then cot 8 is plotted against HR, 
(Fig. 101). If Eq. 401 is true we should get a straight line, and 
that is what experiment gives us. The length OA (Fig. 101) gives 
the value of r+R, and the slope of the curve gives the ratio 
Kj E. 


"9999709099000 © 6 Hess 000049 Ai o uu. 
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Fig. 101 


Eq. 40'1 is based on two relations. i—El(r--R) and i- X 
tan 6. If the second is known to be true, the experiment verifies 
the equation i= E// r+), which is based on Ohm's law. Hence 
it verifies Ohm's law indirectly. 

If, on the other hand, we take the relation i— E/(r-- R) to 
be true, the experiment verifies the relation i— K tan 0, 


4l. Measurement of Resistance, 


The most important electrical quantity connected with a 
resistor is its resistance. Most often it is necessary to know its 
value, 

Various methods are available for the measurement of a 
resistance, If a current is driven through a resistor, and the 
current and the terminal p.d. measured, the ratio of the p.d. to 
the current will give the resistance, One of the commonest 
methods is to compare the resistance of unknown value with a 
known one. This can be done quickly and accurately by means 
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of an arrangement of resistors known as the Wheatstone bridge 
or the Wheatstone network. 

Principle of the Wheatstone bridge or Wheatstone network. 
The Wheatstone network consists of four resistors P, Q, R, S, 
joined as shown in Fig. 
102. A  galvanometer 
is joined to B and D and 
a battery to A and C. 
The current from the 
battery divides at A, a 
part C, flowing along 
the branch AB and the 
rest, C, along AD. The 
fall of potential from A 
to C is the same along 
both branches. Corres- 
ponding to the point B on the branch ABC, there must be a 
point on the other branch ADO which is'at the same potential 
as B. If D is this point, the galvanometer G has its terminals 
connected to points at the same potential ; hence no current will 
flow through it. 


Fig. 102 


Since B and D are at the same potential, we have 
P.D. between A and B - P.D. between A and D 


P.D. between B and C P.D. between Dand e 
Cı X Resistance AB _ O+ X Resistance AD 


C, X Resistance BO C4 X Resistance DO 


If P, Q, E, S respectively denote the resistances AB, BO, AD, 
DC, we have 


or 


ers 
If three of these values are known, the fourthjcan'be found. 
Two instruments arein use which utilise the principle of 
Wheatstone’s network for measuring a resistance. They are (i) 
the Metre Bridge and (ii) the Post Office Boz. 


The Metre Bridge. Tho metre bridge ( Fig.;103 ) consists in 
its simplest form of three thick strips of copper: of negligible 


L 


ELECTRICAL MEASUREMENTS 387 


resistance mounted on an insulating wooden base and provided 
with two gaps, one for the insertion of the resistance to be 
measured and the other for another one of known value with 
which it is compared. A straight uniform wire 1 metre long 


Fsg. 103 


(hence the name of the instrument) is stretched between the ends 
of the copper strips. By the side of the wire is fixed a metre 
scale graduated in millimetres. By means of aslider (often 
called a jockey) moving through a groove parallel to the wire, 
contact can be made at any point of the wire, the exact position 
of which can be read off from the scale. 


Let r, be a resistance of known value and ra another whose 
value is to be determined. Connect them across the gaps of 
the metre bridge as shown in the figure. Connect a battery E 
through a key K and a rheostat E to the terminals A and C 
at the two ends of the wire. Connect one end of a galvano- 
meter to the terminal B between r, and rs, and the other end to 
the jockey. Close the key Æ and shift the sliding contact of the 
jockey from point to point on the wire until a point is reached 
at which the galvanometer is not deflected. Let D be this point. 
(Note that the points A, B, C, D, of the metre bridge correspond 

' to the same points of the Wheatstone bridge in Fig 102.) 


Then from the condition of balance in a Wheatstone bridge, 
we have 
Resistance between A and B Resistance between A and D 
Resistance between B and C Resistance between D and C 
The resistance between A and Bis practically rı since the 
strips have negligible resistance. Similarly resistance between 


B and C is rg. 
Since the wire is uniform the resistance per centimetre of the 
wire is constant. Let it be p. If the distance AD=l, the resis- 
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tance of this portion is lp ; that of the portion DC is (100—1) 
{or(L—1) p, if L is the total length of the wire |. 


Gr, MM CT 
Te 100-1 


00-1 
Or rg—r,X J02, 


For accurate work the experiment is repeated with the resis- 
tances in the gaps interchanged. If 7, the unknown resistance, 
is in the left gap and /’ the distance of the null point D from the 
left end of the wire, we shall have 


fags D 


Or ra=ri X 199-77 


The Post Office Box. The post office box (abbreviated P. O. 
box) is another form of the Wheatstone bridge and was originally 
intended for measuring the resistance of telegraph wires and 
for other similar work in the Post Office ; hence the name. 


Fig. 104 


It consists of a number of coils of known resistance arranged 
so as to form three arms of a Wheatstone bridge, the fourth 
consisting of the resistance to be determined. The coils are 
fixed and manipulated in the same way as in a resistance box. 


A diagrammatic sketch of the P. O. box is given in Fig. 104. 
The arms P and Q between AB and BC respectively are known 
as ratio arms. Ordinarily, each consists of three coils of values 
10, 100 and 1000 ohms. R, the third arm, often called the rheostat 
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arm, consists of a set of coils of values 1 to 4000 ohms, such 
that any resistance from 1 to 11, 100 ohms can be obtained on ite 
(The arm may or may not contain a plug marked infinity, which, 
when taken off, breaks the circuit of the third arm and introduces 
an infinite resistance in that branch.) S is the unknown resist- 
ance connected between the ends of Q and R. The lettering in 
the diagram is the same as in the Wheatstone bridge of Fig. 102. 
The two diagrams may with profit be laid side by side for 
realising their identity. 

The P. O, box incorporates two keys K, and K,, one for the battery 
ciruit and the -other for the galvanometer circuit. K, is placed between 
a terminal (not shown) and the point A common to P and R. K, is 
placed between another similar terminal and the point B common to 
P and Q. The battery is connected to the terminal of K, and the point 
C eommon to Q and S. 'The galvanometer is connected to the terminal] 
of K, and the point D, common to E and S, 


In drawing a diagram to Ki 
represent the P.O. box and its — 
connections, the student will 
find it much easier to follow the 
plan presented in Fig. 106. The Á 
lettering is the same as in 
Fig. 102 or 104. 


How to measure a resistance 
with a P.O. box. The method 
will be best understood by 
taking a concrete case. Suppose K2 
the value of the resistance to be 
determined is 3°26 ohms. Fig. 105 


li) Take out the 10 ohm 

plugs from each of the ratio arms P and Q. Remove the 1 ohm 
plug from R. Close the battery key first and then the galvano- 
meter key, and note the direction in which the galvanometer is 
deflected. Gradually increase the value of the resistance in R, 
until for two values of the resistance on this arm differing by 
1 ohm, the galvanometer gives deflections in opposite directions. 
In the case considered, the deflection for 4 ohms in R will be 
in a direction opposite to that when the value was 3:'ohms. This 
shows that the resistance lies between 3 ohms and 4 ohms. 


(ii) Make P equal to 100 ohms, but keep Q equal to 10 ohms. 
Proceed as before. You will find that the deflection changes 
direction as the resistance in R is changed from 82 to 33 ohms. 

(iii) Make P equal to 1000 ohms, but keep Q equal to 10 
ohms. Proceeding as before you will find that when the resist- 
ance in R is 826 ohms, there is no deflection of the galvanometer. 
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Since balance has been obtained, we have 
PR , 1000 896 
QS 10 S 
whence S =3 26 ohms. 
42. The Potentiometer, 


One of the most important electrical instruments is the 
potentiometer. It is a device primarily intended for the accurate 
measurement of a potential difference ; but indirectly it can be 
used for the measurement of a current or a resistance. 


Principle of the potentiometer. In principle it consists of a 
long, uniform wire AB (Fig. 106) with a scale of length attached . 
to it, A current is maintained in.it by a cell C, preferably a 
lead storage cell. The value of the current may be altered, if 
necessary, by means of the rheostat PQ. Since the current flows 


from A to B along the wire, a point D on the wire is at a lower 
potential than A, 


If a galvanometer @ is joined between A and D (through 
a high resistance KL to protect it against damage) the p.d. 


Fig. 107 


between A and D drives a current through the galvanometer as 
shown in Fig. 106. The p.d. between 4 and D inereases, the 
farther D is away from A. 


If now another cell S be inserted in the branch AGLD with 
its positive pole joined to A (Fig. 107), its emf tends to drive a 
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current through this branch in the direction DLGA, i.e., opposite 
to the previous one. If the emf of S is smaller than the p.d. 
between A and B, it will be possible to find à point N on AB 
such that when the contact is at N, the two opposing influences 
balance each other and no current flows through the galvano- 
meter. In this case the emf of S is equal to the p.d. between A 
and N produced by the cell C. Thisis the principle of the 
potentiometer. 

If the contact is to the loft of N, say at D, E' is greater than the 
potential difference V between A and D, and drives a current through 
the galvanometer in the direction ADL. If the contact is to the 
right of N, V is greater than W’ and drives a current through G in 
the direction AGLD. On two sides of N the galvanometer gives-opposite 
deflections, 

In all work with the potentiometer it is necessary to know 
the potential drop per centimetre length of the wire. This can 
be done by various means. 


(à) Standard cell method, If S isa standard cell of emf E' 
and the length of the wire between A and N isl, then the 
drop of potential per centimetre is Z’/1. 

(ii) Ammeter method. An ammeter connected in series with 
the potentiometer gives the current J through it. If E is the 
total resistance of the potentiometer wire between A and B and 
L em its length, the p.d. between A and B is RI and that per 
centimetre is RI/L. 

Note that a balance can be obtained only if RI is greater 
than E’. Now RI can at most be practically equal to E. Hence, 
to measure a potential difference on a potentiometer, the value 
to be measured must be smaller than the emf of the driver cell 


i.e. the cell which drives the current through the potentiometer). 


APPLICATION OF KIRCHHOFF'$ LAW TO THE POTENTIOMETER, Kirchhoff's 
‘second law may be applied to the closed mesh ADLGSA. If I q ihe 


current in AD, Ry the resistance of AD, I the current in the galvano- 
moter branch and R r the total resistance in the branch, we have 
R d Tjt+k g I 27 E' 
When the contact is at N so that 1570, Rj changes to LA the 
resistance between A and N, and 7 a t I, the current along AB. Then 
I-E'. 
Ry E' 
This shows that the position of the null point is independent of the 
resiatance in the galvanometer branch. 


The simple laboratory potentiometer. There are several 
forms of potentiometers, some very simple and Others more ela- 
borate and meant for very accurate work. A simple laboratory 
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type is shown in Fig. 108. It consists of an even number (gener- 
ally between 2 and 10) of identical uniform wires of the same 
material, each one metre long, joined in series by thick copper 
strips as indicated. A metre scale is mounted parallel tofthe 
wires with its ends coinciding with those of the wires. The 


Fig. 108 


extreme ends of the wire are connected to the terminals A and 
B. The wires are connected in series witha suitable battery 
through a rheostat PQ and a key. 


Measurement of the emf of a cell with a potentiometer. 
The positive pole of the cell S (Fig. 107) whose emf is to be 
measured is connected to the positive terminal (A) of the poten- 
tiometer. The negative pole of S is connected through a galvano- 
meter (G) and a protective resistance KL to the sliding contact 
of the potentiometer. The contact is then moved about along 
the potentiometer wire until there is no deflection of the galvano- 
meter. If N is this point, the emf of the cell S is equal to the 


pd. between A and N. Let J cm be the length of the wire 
between these points. 


To find this p.d, Sis replaced by a standard cell and the 
same measurements repeated, without in any way changing the 
previous value of the current in the potentiometer. Let lẹ cm be 
the length of the wire which balances the standard cell and E, 
its emf. The potential drop per centimetre of the wire is E,/1,. 
Since the emf of S is equal to the p.d. at the ends of a length 7 
em of the wire 


the required p.d. = E XE, 
o 


Note tha. »otentiometer really measures the emf of S, 
r the emf is equa. to the terminal p.d. when the ce)l does not 
vea current. At balance there is no current through the cell. 
When a voltmeter is used to measure the emf, a small current 
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flows through the cell. The value recorded by the voltmeter is 
smaller than the emf by an amount equal to the inner drop of 
potential within the cell. Hence the smaller the current that a 


Fig. 109 
voltmeter draws, i.e., the higher its resistance, the more accurate 
will be its reading. 

Measurement of the internal resistance of a cell. A poten- 
tiometer may be used for this purpose. The circuit is as shown 
in Fig. 109. The cell S of which the internal resistance is to be 
measured is first balanced on a length J of the potentiometer. 
Its terminals are then connected by a resistance E and the 
balance found again. If the balancing length is 2’, we have 

E Gn 
Ri Ri y 
, 
or r=Rx jat 

Measurement of a current by the potentiometer. A small, 
standard resistance XY of known value is connected in series 
with the circuit the current through which is to be measured (Fig 


€ P Q 


Fig. 110 


110). The positive end X of the resistance is joined to the 
positive terminal A of the potentiometer and the negative end to 
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the galvanometer (which has the protective resistance connected 
toit) The balance is sought in the usual way. If J is the 
balancing length and e the drop per centimetre of the potentio- 
meter, the p.d. between XY isle. But this p.d. is also equal 
to a where R is the resistance of XY and J the current through 
it. ence 


le 
RHI-leorI-— 
e or B 


In this arrangement if I is known R may be computed. This 
gives à method of measuring resistance. A large Tor a small 
R may conveniently be measured by this means. 


SUMMARY 


The Wheatstone network provides a conveniont method of comparing 
resistances. It consists of four ‘resistances P, Q, R, 5 joined as shown 
in Fig. 102. One pole of a battery is joined to the point common to P and 
R and the other to the point common to Q and S. A galvanometer is 
joined between the points common to P and Q, and to R and S. When 


P R 

Qogq 
no current passes through the galvanometer. The metre bridge and the 
P. O. box act on this principle. In the metre bridge the resistances P and 
Q are provided by two portions of a uniform wire. In the P. O. box, 
Pand Q consist of two identical sets of resistance coils and are called 
the ratio arms. The arm R, provided in the instrument, consists of a 
number of coils of resistance ranging -from 1 to 4000 ohm. The unknown 
resistance forms the branch S. 

The potentiometer is primarily intended for measuring p.d.'s. In its 
simplest form it consists of a number of identical wiros connected in 
series. An adjustable current is sent through the wires by a driver cell 
in series with a variable resistance. Tho p.d. to be measured is balanced 
against the drop of potential along the wire. The primary condition for 
obtaining a balance is that the emf of the driver cell must be greater than 
the p.d. to be measured, or rather, the p.d. between tho terminals of the 
potentiometer must be greater than the p.d. to be measured. It can be 
used indirectly to measure the internal resistance ofa cell, à. current or 
A resistance. 


EXERCISES 


1. Describe the construction of a resistance box. 

What length of manganin wire of diameter 0'712 mm will be required 
to construct a resistance coil of value 1 ohm ? The resistivity of manganin 
is 42x 10-* ohm. cm. [Ans 1 94°8 cm.) 
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2. Doscribe a sliding rheostat and draw a diagram to show how it 
should be connected to introduce a variable resistance in the circuit. 


3. Describe the action of a commutator. Draw a neat sketch to. 
show the connection. 


- e Describe a Wheatstono bridge and deduce the principle on which 
it acts. 


5. Describe a metre bridge and state how it is used in measuring 
à resistance. 


6. Describe a Post Office box. State the principle on which it acts. 
Draw a diagram of its connections and state how you can measure a. 
resistance by it. : 


7. What is a potentiometer ? State the principle on which it acts. 


You aro given a lead storage cell, a Leclanche cell, a standard cell 
and a potentiometer. State how you would proceed to measure the emf 
of the Leclanche cell. 


A potentiometer is said to be superior to a voltmeter for measuring 
tho emf of a cell. How would you support the statement ? 


8. How can you measure a current by a potentiometer ? 


9. Aten wire potentiometer, each one metre long, has a resistance of 
20 ohms. Current through it is driven by a lead storage cell of emf 
2 volts and negligible internal resistance. 


Find the length of the wire which will balance (7) & Leclanche cell 
of emf 1'5 volts, (i?) a Daniell cell of emf 1°08 volts, when (a) there 
is no other resistance in series with the potentiometer, (b) there is a 
resistance of 5 ohms in series. 


[ANs: Leclanche cell—(a) 750 em, (b) 937:5 em ; m. 
Daniell cell—(a) 540 em. (b) 675 cm.] 


10. Inthe problem of Q. 9 find the maximum resistance that can be 
put in serios with the potentiometer so that it will just be possible to. 
got a balance point for the Leclanche cell. 


[Hint: As the series resistance increases, the p.d. between the ends 
of the potentiometer diminishes. The maximum series resistance will be 
such as to leave a drop of 1*5 volts on the potentiometer, Ans : 64 ohm.] 


1l. A current of 10 amperes flows through a resistance of ‘05 ohm. 
The p.d. is balanced on a 6 wire potentiometer, each one metre long, 
current through which is driven by a cell of emf 2 volts and negligible 
resistance, Find the balancing length. [Ans : 150 cm.] 


12. A standard cell of emf 1'018 ‘volts js -balanced on a length 
163:5 cm of a ten wire potentiometer, each one metre long. What is the 
maximum p.d. the potentiometer can balance ? - [Ans : 1:333 volts.] 


13. The resistance in the left gap of a metre bridge is 2 ohms and 
the null point is 60 cm from the left. Calculate the value of the unknown 
resistance. 


Where will the null point be if the resistances in the two gaps are 
interchanged ? [Ans : 1} ohm ; 40 cm.] 


14. The resistance in the right gap of a motre bridge is 20 ohms 
and the null point is 40 em from the right. What is the value of the 
resistance in tho other gap * [Ans : 30 ohms.] 


CHAPTER VI 
ELECTRICITY AND HEAT 
43. Heating Effect of Currents: Joule’s Law. 


The flow of electricity through a wire or any other conductor 
always produces heat. The law relating to the heating effect of 
currents was experimentally investigated by Joule, who found 
that 

The heat generated by a current flowing through a conductor 
is proportional to (i) the square of the current, (ii) the resistance 
of the conductor and (iii) the time for which the current flows. 


This statement is known as Joule’s law of heating. 


If a current I flows through a conductor of resistance R for 
time, the heat H produced by the current in the conductor is 
related to J, R, t as follows : 


H œ I” when R and ¢ are constant, 
* k when I and ¢ are constant, 
* ¢ when J and R are constant. 
ve H= PR 
or H=kI*Rt (48.1) 
where k is à constant whose value depends on the units in which 
H, I, R and tare expressed. Its value has been determined ex- 
perimentally. When H is in calories, I in amperes, R in ohms 
and ¢ in seconds, the numerical value of k comes out to be 
0'2390 (which may be taken as 0°24 unless high precision is 
needed). Hence we may write Joule’s law symbolically as 
H0,,7024 T Ronm tseo (48.2) 
Now, I amp X E 47V is the potential difference between 
the ends of the conductor in volts. Hence we may also write 
Eq. 48'2 as 


H=0'24 Vit (43.3) 
j l 
or H=0%4 5 (43.4) 


It should be noted that the constant k in Eq.43'lisnot a pure 
number 


H 
hoe 
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Now I amp x t sec — It coulombs, 
IampxR ohms=1R volts, 
and volts x coulombs= joules. 


Hence the product (I amp)? x R ohm xt sec is J? Rt joules. Since H is 
in calories, the constant kin Eq. 432 is i calories per joule. We shall 
` see later (844) that k is the reciprocal of the mechanical equivalent of 
heat (vide HEAT). 


Joule heating inside a battery. When a battery of emf E and internal 
resistance r sends a current through a circuit of external resistance R, 
the current J round the circuit is I— E/(R4-r). 


If all the electrical energy supplied by the emf is converted into heat, 
the heat appearing in the external circuit is 


A, =kDPRt=— Rt. 


KE? _ 
(R--7)* 
The heat developed within the cell dae to tho flow of current is 


EE? 
H,-kI*ri— (Rane 


» 4,2 MR: 

A part of the energy of the electric current may however be 
spent in doing mechanical work, as in driving some kind of 
electric motor ; part may be expended in doing chemical work, as 
when the current passes through an electrolyte and decomposes 
some chemical compound. But wherever there is a current 
flowing through a resistance, the Joule heating given by I*Rt 
will be present. 


ExaMPLEs, (1) A current of 2 amperes flows through a resistance of 
6 ohms for 2 minutes. Find the heat developed. 

Solution : Hoat developed in calories=0°247* Rt 

=0'24 x 2? x 6 x 2 x 60=691'2. 

(2) A 100 ohm coil is connected across 100 volt mains. Find the 
heat generated in the coil in 20 minutes. 

Solution : Heute 024 77 t= 0-24x log * 20 x O= 28800 eal. 

(3) Tho terminals of a cell of emf 1'5 volts and “internal resistance 
2 ohms is connected externally by two resistances of 4 and 6 ohms (i) in 
sories, (ii) in parallel. Compare the heats developed in a given time in 
tho two conductors. 

Solution: (i) When the resistances are in series the same current 
flows through them. Hence the ratio of the hoats developed in them in a 
given time is the same as the ratio of the resistances. 

(i$) When the resistances aro in parallel, their terminal p.d.'s are 
the same, Henco from the relation H=kV? t/R, the heats doveloped 
are in the inverse ratio of the resistances. 
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(4) InQ. (3) compare the heats developed internally and externally 
when the resistances aro in parallel. 

Solut.on : Equivalent external resistance=2°4 ohms. Hence 

Internal heat; External hoat= 2:24. 

(5) In Q. (3) calculate tho heat generated in 10 minutos in tho coil 
and insido tho battery, ; 

Solution : Current when the resistances aro in serics = 1°5/12=1/8 
amp. This is the current through tho 4 ohm coil ag well as inside tho 
battery. 

-. Heat generated in tho 4 ohm coil=0:24 x (1)! x 4x 10 x 60=9 cal. 

That within tho cell is similarly found to be 45 cal, 

When tho resistances aro in parallel, the equivalont external resis- 
tance=2°4. Hence, total current through tho cell 


uo lb + _15 | 10 
“Ered di 0'341 amp. The current through tho 4 ohm wiles x 6 


-. Heat generated in the 4 ohm coil = 0:24 x (205)? x 4x 600 24:9 
eal, 


Hosting in the battery = 0:24 x (341)? x 2 600— 334 cal. 


44. Derivation of Joule's Law, 


applied between two points of a conductor. As the electrons drift from 
the lower potential to the higher potential end, they acquire a kinetic 
energy. This is id pted to tho fixed ions during collision, which, as a 
result, vibrate with a higher energy. This corresponds to a highor 
temperature of the conductor. 


In deriving Joule's law on a theoretical basis we note that 
the emf of the source driving the current brings about a separa- 


itself does work. If V is the terminal p-d. of a conductor, the 
charge Q does an ‘mount of work VQ in moving through the 


conductor. This work, done by the charge, appears as heat in 
the conductor, 


If a current of I amperes flows through a conductor of resis- 
tance R ohms for time £ Seconds, the charge moving through 
the conductor is T1 Q coulombs. The terminal p.d. of the 
conductor is IxR=V volts. Hence the work done by the 
charge is 

V volts X Q coulombs — VQ joules— I? Rt joules. 


If J is the mechanical equivalent of heat in joules per 
calorie, i.e., if J joules of work are equivalent to one calorie of 
heat, the amount of heat developed in the conductor is 
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H=J*Rt joules~+J joules/calorie 
—]? Rt|J calories (44.1) 


Comparing this equation with Eq. 43°1 we find that the 
constant k is the reciprocal of J. Now J —4' 186 joules/calorie. 
Therefore k —1/J =0'2390 calorie/joule. 


Sometimes the constant k or J is dropped and the heat pro- 
duced is written as EH — I? Rt. In such cases it should be under- 
stood that the heat has been expressed in work units. 


45. Experimental Verification of Joule's Law. 


Joule's law may be verified by immersing a coil of known 
resisíance in water or some other non-conducting liquid of 
known specific heat con- 
tained ina calorimeter and 
sending a current through 
the coil. Fig. 111 shows 
the experimental arrange- 
ment. B is a battery 
which drives a current 
through the coil R of 
known resistance immers- 
ed in water in a calori- 
meter. The rheostat 7 con- 
trols the value of the 
current which is read off 
from the ammeter A con- 
nected in series with R. 
V is a voltmeter connected 
in parallel with R so as to 
read its terminal p.d. if 
necessary. T' is a thermo- 
meter which gives the 
temperature of the liquid. 
K is a key to start or stop the current when necessary. The 
non-conducting support of the calorimeter and the vessel cover- 
ing it are not shown in the diagram. 

(i) To verify the law of currents. To show that the heat 
developed in R by a current I flowing through it is proportional 
to I? when R and t are constant, we proceed as follows : 

Note the initial temperature of water. Send a current 
through it and stir the liquid briskly. Stop the current after, 
say, b minutes. Note the final temperature. During this period 
the current should be kept constant by adjusting the rheostat if 
necessary. The current is noted from the ammeter and the 
time from a stop watch. 


Part I1—26 
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It W is the water equivalent of the calorimeter and its con- 
tents and ð =the temperature rise, the heat developed is W9 
(excluding the loss due to radiation etc.). 


Allow the calorimeter and its contents to cool to the room 
temperature. Increase the current by about 10 or 2096 and re- 
peat the experiment, taking eare that the current flows for exactly 
the same time as before. Note the temperature rise. If the 
subscripts 1 and 2 refer to the two cases, it will be found that 

H, Wo, 0, Ti* 

: H, Wó, 0. Is” 

For accurate work the loss of heat by radiation is to be taken 
into account. 

(ii) To verify the Jaw of time the current should be kept the 
same in the two experiments, but the time of flow made differ- 
ent. It will then be seen that 

Hy 91. 
Hew beet 

(iii) To verify the law of resistance the coil R is replaced in 
the second experiment by another of different resistance. The 
same current is allowed to flow through it for the same time as 
before. Then 


Hi.01.HEi 
H, 0. Ra 


The ratio of the voltmeter reading to the ammeter reading 
gives the value of R. 

(iv) To seehow the heat developed varies with the potential difference 
across R, note the voltmeter readings in the experiment (i) above. Here 
R and ¢ are constant. It will be seen that 

H0, Vi VAI 1 
H, 4, V e V, 
i.e. H < V* (or VI) when R and ¢ are constant. 
But if the same is done in Expt. (tii), it will be seen that 
A, 0, V;*[R, |. Vs 
B, Hr o Ve 
Here J and ¢ are constant. H « V when I and ¢ are constant. 


Determination of the Mechanical Equivalent of Heat. 


Equation 441 shows that J, the mechanical equivalent of 
heat, may be determined if we can measure the heat H gener- 
ated by a current I flowing through a resistance E for a known 
time t. ‘The equation as such is not well suited for an accurate 
determination because of the inaccuracy in the value of R. The 


ELECTRICITY AND HEAT 401 


value of B changes owing to the heating. Further, its tempera- 
ture is not the same as that of the liquid in which it is 
immersed. 

The equation well suited for evaluating J is 


Vit 
Hei 
J 


where V is the terminal p.d. of the resistance through which T 
flows. The apparatus necessary for the purpose is the same as 
that described in Fig. 111. All the precautions in a calorimetric 
work should be taken [see HEAT, $48(i)]. Current should be 
drawn from a battery of lead storage cells of large capacity. The 
voltmeter and ammeter used must be accurate. 

Examp.es. In an actual experiment for the determination of J, the 
following values were observed: V=76 volts, Ie 1:2 amps, t= 523 seconds, 
the water equivalent of the calorimeter and its contents-— 1079 gm, tem- 
perature rise U.S.C. Calculate J. 

Solution: "The electrical work done = VIt 

=76 x 1'2 x 523 = 4769 x 10* joules 
Heat developed = 1079 x 10°6 = 1:144 x 10* calories 
Work _ 4:739 x 10* joule 4 ^ 
"om Tax orsi" 617 joules per calorie. 


46. Units of Electric Power and Electric Energy. 


Unit of Electric Power. Power has been defined as work 
done per unit time (Vol. I, MECHANICS, 8 76). When a source of 
electrical energy of emf E volts drives a current of 7 amperes for 
i seconds through a circuit, the total work it does is emf X 
charge, or 


W-ElIt joules. 
Therefore, the power expended by the source, i.e., the nate 
at which it does work, is 
P=W/t=EI joules per second 2 EI watts. 
Note that 1 voltx1 ampere—1 watt 
watts — volts x amperes 

The watt may thus be defined as the power expended by a 
source of electrical energy (i.e., the work done by it per second) 
when it drives a current of one ampere under a potential 
difference of one volt. 

1000 watts —1 kilowatt (KW). 
1 watt=1 joule per sec —0'239 cal/sec. 

When a charge of q coulombs moves under p.d. of Y volts, 
the work it does is V Xq joules. If this is done in a time t 
seconds the power is Valt joules/sec. or watts. Since gli is 
the current in amperes, the power — volts X amperes. 
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Unit of Electric Energy. — Sinee power x time=work, an 
agent delivering a power P continuously for time t does a total 
amount of work equal to the product of P and t. This leads to 
the definition of various units of electrical work or energy. 


The electrical energy supplied to a circuit in one second is 
one joule when the rate of doing work in the circuit is one watt. 
In other words, the joule is the electrical energy supplied to a 
circuit when the potential difference is one volt and one ampere 
flows for one second. 


Joules — watts X seconds 


The watt-hour js the electrical energy supplied to a circuit 
in one hour when the power in the circuit is one watt. 


Watt-hours = watts X hours = volts X amperes X hours. 


1 watt-hour=1 watt X1 hour= 1l watt 3600 sec. 
= 3600 joules. 


A still larger unit of electrical energy has been chosen as the 
legal unit by the Board of Trade for commercial purposes. It is 
called the kilowatt-hour, as also the Board of Trade Unit (Bp. O. 
T. Unit) and is equal to 1000 watt-hours. It is thus the elec- 
trical energy supplied to a circuit in one hour when the power 
in it is one kilowatt. 


watt-hours _ volts X amperes X hours 
1000 1000 


1 kilowatt-hour=1000 watt-hours 
=8,600,000 joules=8.6 x 10° calories. 


When power is expended in overcoming resistance, the 
power may be expressed in terms of R and I. The p.d. is RI 
and the power RIXI-RI^. In driving a current 7 through a 
resistance R, a power RI” degrades into heat. It is known as 
RI? loss. 


EXAMPLE. A street cable has a resistance of '05 ohm and carries a 


current of 100 amps. Find in kilowatt-hours the energy lost in it as 
heat in 24 hours. 


Kilowatt-hours— 


Solution : Number of kilowatt-hours = wave hours: 


1000 
= Volts x amperes x hours (05 x 100) x 100 x 24 
1000 IURI U pee 


47, Some Applications of the Heating Effect of Currents, 


The applications of Joule heating are too many to enumer- 
ate. We shall consider only a few. 
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A. Electric Heaters. Such diverse household appliances as 
the electric kettle, the electric iron (Fig. 112), toaster, coffee per- 
colator, the electric oven, radiator ete. may be included under 
this general head. All these heating fevices contain heating coils 
usually made of wires or strips of nichrome (an alloy of 60% 


Fig. 112 (a) Fig. 112 (b) 
(a) represents an electric iron and 
(b) the heating element in it. 


nickel, 2495 iron and 1696 chromium) which has a high specific 
resistance and can be raised to high temperatures. The coils are 
wound on mica or fire-clay, which is not only insulating but can 
also withstand heating. 


Each appliance is meant for a definite voltage which should 
be adhered to. This voltage as also the power it absorbs at that 
voltage are imprinted on it. Thus a '990-volt, 500-watt' heater 
means that it should be used on 220 volt lines, and when so used 
it will consume power at the rate of 500 watts. The power con- 
sumption of an electric iron is of the order of 600 watts, of a 
kettle 1000 watts and of a fair sized electrie stove (or oven) 


2000 watts. 


"When we know the voltage and wattage of a heater it is 
easy to calculate its resistance and the current it draws. If the 
stipulated voltage is V and the wattage W, the current J in 
amperes that it draws when working at V volts is given by the 
relation, volts X amperes = watts. 


y = Watts Eid 
Current in amperes Volts or I y 


Since amperes X ohms = volts, its resistance Rin ohms will 


be given by 
I Wy OW 
; _ (Volts)? 
or Resistance "Watts 


ExaMPLzs, (1) Compute the current that a 220 volt, 600-watt electric 
iron draws. Compute also its resistance. 
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Solution : When applied to 220 volt terminals, its power is 600 watts, 
i.e., the product of the current in amps and the voltage is 600. 


~ 


-, Current= mi" apps (nearly). 


Y f = Volts (Volts)? . 220 x 220 
Resistance ewe Watts "^ 600 7-801 ohms. 


(2) An electric kettle is rated at 220v,1 kv, You want to bring 
lkg of water (about 5 teacupfuls) from 30^C to the boiling point by it. 
Assuming that 80% of tho heat developed goes into the water, calculato 
the time you will require. Tho water equivalent of the kettle alone is 
100 gm. 

Calculate also the tho cost of electric energy consumed if 1 B.0.T. unit 
is charged 4 annas. i 

Solution: Tho total hoat required to bring the water to boiling,’ 
inclusive of the heat taken by the kettle -1100x 702 77000 cal. 

This is 80% of the heat generated. Hence the heat gonerated by the 
kettle =77000 x 100 al. 


Since the power is 1 kw, tho hoat developed per second 
71000 joules — 240 calories (1 joule=+24 eal.) 
*. The time required to produce the necessary heat 
= 77000 x 100 
80x240 
Energy consumed in kwh=1 Ino x 63 min=1 wx 1/9 hr=1/9 kwh. 
4. Cost-1/0x 4as=2 pice (nearly) 
[Note that the voltage is an unnecessary datum.] 
(3) An electric cooker meant for 220 volt mains draws 8 amperes. 
If it requires 4 hours on an average to cook a day's food, calculate the 
cost of olectric energy consumed in a month of 30 days when 1 B.O.T. 
unit for cooking purposes is charged 1 anna. 
Solution : Powor=220 volts x8 amp=1760 watts=1°76 kw. Total 
number of kilowatt-hours consumed in a month 
1°76 x 4x 30=211-2 
Cost. 211*2 annas=Reg, 13. 3a. 3 pies (nearly). 


sec. —63 minutes (nearly). 


B. Fuses, The current in a circuit may rise to enormous 
values when its opposite terminals are brought together or con- 
nected by a low resistance, say, by inadvertance or accident. 
When this takes place, excessive heating is produced in the cir- 
cuit causing damage" to it or any machine or appliance which it 
may include. To guard against an emergency of this kind & 
simple device, called a fuse, is connected to the circuit in series. 


*The maximum current which a wire can carry without getting so 
much \heated as to damage its insulation or cause fire to tho structure 
to which it is attached, is called the current-carrying capacity of tho 
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It is merely a short length of wire or strip of suitable material 
and dimensions which melts and breaks the circuit if the current 
through it exceeds a certain predetermind value, Thus a E 
ampere fuse' is one which melts and breaks the circuit when the 
current in the fuse reaches 5 amperes. 

Tin, lead, alloy of tin and lead, strip zine, copper and 
aluminium are some of the materials used as fuses. For ordinary 
currents upto 20 amps tin is satisfactory, for it has a low melting 
point. It is often used in branch circuits in indoor wiring. A 
very commonly used alloy used for the same purpose consists 
of 63% tin and 87% lead. Copper is suitable for large currents 
and high voltages. ; 

Fuses are always fixed in supports of fireproof materials, 
usually glazed porcelain, and connected in series with the circuit. 

C. Hotwire ammeter. The expansion of & wire produced 
by the heat generated in it by a current may be used to measure 


Fig. 118 
h. This is the principle of the hot-wire 
The current to be measured flowsalong a fine wire 
ire can safely carry a larger current 


than a thinner wire, Because of the lower resistance of the thicker wire, 


the current strengt 
ammeter. 
wire or the safe-current. A thicker w 
Il produce lesser heating in it. 


is determined by its material, 
nit. The following criteria have 


the same current wi 
The safe current through a wire 


diamoter and the nature of insulation o a 
boen laid down for safe currents by the Institute of Electrical Engineers. 


The current should not cause & rise of temperaturo of more than 20°F 
(111°C) for vulcanised rubber-insulated wires, 80°F (27:7 C) for impreg- 
nated paper insulated cables, 100°F (555 C) for bare copper. A very 
rough way of getting the safe current for rubber insulated copper is to 
calculate it on the basis of 1000 amperes per square inch. For thin wires 


actual safo current is higher. 
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AB (Fig. 113) which is stretched horizontally and pulled down- 
ward at its middle by a fine thread stretched by means of a 
Spring S. The thread passes around a small roller P which 
carries a pointer. When a current passes through AB it is heated 
and expands slightly. As the spring pulls the wire down, the 
roller turns and moves the pointer over a calibrated scale. 

The range ofthe instrument can be extended by the use of 
suitable shunts. Such instruments are nowadays employed to 
measure alternating currents of high frequency used in radio 
work. One great advantage of the ammeter is that its reading is 
independent of the direction in which the current flows through it. 

D. Electric Furnaces. Electric furnaces are of various 
kinds and have many industrial uses. The laboratory electric 
furnace generally consists of a porcelain tube around which is 
wound a spiral of thin platinum wire (for high temperatures) or 
a.nichrome wire (for temperatures upto 100090 or so. To 
prevent mechanical damage and loss of heat, the tube is sur- 
rounded by an outer tube and the Space between them is filled 
with magnesium oxide. The body to be heated is introduced into 

_ the inner tube. 


In some industrial electric furnaces the current is sent 
through the materials to be reacted. Generally carbon, used in 
the form of coke, is one of the components and conducts the 
current. The heat generated raises the temperature of the 
materials and brings about the necessary reaction, Some well- 
known examples are the manufacture of calcium carbide, carbon 
disulphide, extraction of zine, manufacture of caleium cyanamide 
(a fertiliser). 

Hardening, annealing and enamelling are often done in 
electrie furnaces in which a coil of wire carries the heating 
current. 

Welding is a process which is often carried out electrically. 
In resistance welding the two metals to be welded are clamped 
together and a very strong current passed through them across 
the surface of contact. The junction is raised to white heat, 
when the metals join together under pressure. In spot welding 
the overlapping metals are clamped into close contact, a metal 


One of the most important applications of the heating effect 
of currents is the production of light. 

As the temperature of a body is gradually raised, it begins to 
emit a dull red light at about 560°C. The colour turns to 
cherry red at 600°O, to bright cherry at 1000°O, to bright orange 
at 1200°C and to white at 1800°O. At 1600°C and above it is 
dazzling white. 
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Rise in temperature of a wire due to Joule heating. When 
a current passes through a wire, heat is produced and the tempe- 
rature rises. Some heat is lost by radiation and by conduction 
along the electrodes, as well as by convection, if it is placed in 
air. The rate of loss increases as the temperature rises, until at 
some temperature it becomes equal to the rate of generation of 
heat in the wire. This is the maximum temperature which the 
wire reaches under the given conditions. The value of this 
maximum temperature is controlled by several factors. Experi- 
ment shows that the rise in temperature is proportional to (i) the 
specific resistance, (77) to the square of the current and (iii) 
inversely proportional to the cube of the diameter. Very thin 
wires can therefore be raised to high temperatures by moderate 
currents, provided of course that the material has a high enough 
melting point to withstand the temperature. For the successful 
operation of a lamp it is further necessary that the wire must _ 
not be in contaet with air, orit will soon become oxidised and 
burn out. 

Growth of incandescent electric lamps. The ordinary electric 
lamp (glow lamp) consists of a fine filament placed in a bulb 
and heated incandescence by an electric current. The first 
practical filaments were made of carbon. They were enclosed in 
evacuated bulbs so as to prevent them from burning away. The 
carbon filament lamp was invented practically at the same time 
by Edison in America and Swann in England (about 1878-80) 
For commercial reasons the two inventors combined and 
*Hdiswan' carbon lamps (Fig. 114a) became a commercial 
commodity. 

Though the melting point of carbon is about 4200°C the fila- 
ments could not be heated beyond 1850?0, because carbon 
tended to vaporise, rather readily, at higher temperatures. The 
vapour blackened the walls of the bulb and cut off light. The 
light emitted was yellowish-—not white The power consumption 
was high ; it varied from 24 to 4 watts per candle-power. 


(e) 
" n Mu j 
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Attempts were made to find a metal substitute for the carbon 
filament. This led in 1902 to the introduction of osmium 
(melting point 2740°0, running temperature 1925?C) as the 
material for the filament, and in 1905 to tantalum (melting 
point 2930?0, running temperature 1980°C). Today, the mats- 
rial almost universally used is tungsten (melting point 3890?C). 


There are two main types of tungsten filament lamps, viz. 
(i) the vacuum lamp and (ii) the gas-filled lamp. The bulb of 
the former (Fig. 114b) is evacuated ; the running temperature is 
about 2100°0. Higher temperatures cause vaporisation of the 
metal. In the gas-filled lamp (Fig. 114c) vaporisation is opposed 
by introducing an inert gas (ordinarily argon, with ‘a little nitro- 
gen) at a pressure of about three-fourths of an atmosphere at 
room temperature. The improvement is due to Langmuir (1915) 
In this way the running temperature has been raised in the gas- 
filled lamp to about 2700?C. The light emitted is dazzling white 
and the power consumption is smaller than that of other glow 
lamps of the same candle power (about 3 to $ watt per candle- 
power) Cooling of thefilament by the gas is reduced to negli- 
gible proportions by winding the filament into a fine spiral whose 
length is less than one-teath of the total length of the wire. The 
Spiral is suspended from radial arms in one horizontal plane. It 
lies in the form of an are of à eirele The bulb is given a long 
neck. If the metal volatilises the metal particles are carried into 
the neck by convection eurrents and are deposited there, leaving 


the bulb clear. 
In the Coiled.coil filament, in 


c- 
Sd $s which the single spiral is itself 
Ss coiled into a second spiral (Fig. 
x = 115), the advantages of the coiled 
filament are further enhanced. 


These lamps give 15 to20 per cent 
more light for the same power 
consumption. 

The filament or the spiral in 
a modern lamp is supported on 
hooked radial arms. The arms (usually of molybdenum) are 


FIG. 115 
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attached to a central glass stem. The ends C, C (Fig. 116) of the 
filament-leads are connected to the lead-in wires b, b which pass 
through glass. These consist of an alloy of nickel and iron, 
thinly copper-plated and with a coating of borate. Their co- 
efficient of expansion is the same as that of the glass. Hence 
the seal is vacuum-tight and does not crack. b, b are joined by 
copper wires to the contact plates a, a. F, F is the brass collar 
of the cap (shown separately in Fig. 117). The current to the 
filament within the bulb is led in and out through the plates a, a 


Efficiency of a lamp. In glow lamps light is only a by- 
product of heat. A small fraction of the total energy consumed 
is converted into light. An expression often met with in con- 
nection with electric lamps is the efficiency or luminous efficiency 
ofa lamp. It is defined as follows : 

Candle-power of the lamp 
Watts absorbed by the lamp 


The less the power absorbed per candle power, the higher 
the efficiency. 

The above definition, though good enough for ordinary 
practical purposes, is scientifically imperfect because the candle 
power of a lamp is different in different directions. The correct 
definition of luminous efficiency is 


> Lumens given out by the lamp 
Lu ffi 
minous eliiciency “Watts absorbed by the lamp 


or the amount of light energy in lumens (see LIGHT) given out 
by the lamp per watt of power consumption. 

The bulb of a glow lamp carries two numbers on it. One. 
give’ the voltage at which the lamp should be run. The other 
gives the power in watts absorbed by the lamp when run at the 
proper voltage. If, for example, the numbers are 230v and 60w, 
it means that the lamp should- be run at 230 volts, and when 
this is done, it will absorb power at the rate of 60 watts. The 
efficiency depends on the construction. If this is also known, the 
candle power could be determined. 


Gas-filled lamps are often called half-watt lamps, because 
they consume nearly 4 watt (or rather 3 watt) per candle power. A 
60 watt gas-filled lamp will have a candle power of about 
60+%=90 if run at the proper voltage. A coiled coil lamp will 
give about 20% more light for the same power. 


If the voltage is lower than the specified value, the lamp: 
gives less light. If it is higher. the emission of light increases, but 
the life is shortened. An increase of 57, in the voltage increases 
light emission by about 95%. The life of a bulb run at the 
proper voltage is taken as 1000 hours. 


Luminous efficiency = 
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48. Indoor Wiring of Buildings, 


An idea of the internal wiring of a small building may prove 
helpful to the student. Fig. 118 gives the general idea of a 
simple method of wiring a house. D D are the street distribution 
mains from which service mains pass into the house. Fuses 
CMF, known as company's main fuse, are placed on service 
mains. The mains are then led into the supply meter SM which 


Fig. 118 


records the energy consumed in the household. TMF is the 
tenant’s main fuse and MS the main switch. MDB is the main 
distribution board. From it cables run to the different floors, 
fuses F' being inserted as shown (one for each cable). The diagram 
shows only two circuits from the main distribution board. 
There may be more ; but all are connected in the same way as 
those shown. 

The lamps (or other electric appliances such as fans etc.) are 
connected in parallel between the mains, Each lamp (Z) is 
controlled by a switch (S). 


49. Worked Examples, 


(1) A household uses 4 electric glow lamps of wattage 60 
and 5 of wattage 40. If they are used on an average for 5 hours 
a day, find the cost of lighting in a month of 30 days if electric 
energy is charged 3 annas per B.O.T. unit. Whatis the maxi- 
mum current drawn if the supply is at 220 volts ? 

Solution : Total power = 4 X 60 +6 X 40=440 watts. 
Energy consumed in a day —440 X 5 watt-hours. 

in a month = 440 X 5 X 30 watt-hours 
= 66000 watt-hours =66 kilowatt-hours 

or B.O.T. units. 


” ” 
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<. Cost=66 x 3 annas = Rs. 12, 6as. 
Maximum wattage =440 watts 
Watts _ 440 


Volts 220 eae 


@) A household uses two fans of wattage 110 each, one 
fan of wattage 60 and lamps of total wattage 380. The main fuse 
is one of 5 amps. The main voltage is 220. The owner wants 
to use an electric stove of wattage 600. Will it be safe to use the 
stove when all the fans and lights are running ? 


<. Maximum current= 


Solution: Total watts required by the fans and lights 
=1104+110+60+380 = 660. 


Current drawn when they run together 290 =8 amps. , 


A 


Current drawn by the stove= see =2°73 amps (nearly). 


Total current when all run together=3+2'73 = 5°78 amps. Since 
the main fuse is one of 5 amps, if will be unwise to run the 
stove along with the rest. 


50, Thermoelectrieity, 


A, Seebeck Effect. Volta, who devised the first electric 
battery, also discovered that if two different metals are placed in 
contact, a potential difference develops between them. This p.d. 
depends on the temperature and the nature of the metals and 
is known as contact difference of potential. When iron is in 
contact with copper, the iron exhibits a positive charge and the 
copper a negative charge, the p.d. being about 0°15 volt at 20°C, 


While studying such contact potential differences, Thomas 
Johann Seebeck (1770-1851) of 
Berlin, about 1822, discovered : Cu 
that ifa cireuit is composed of T To 
two wires of different metals, 
and the two junctions are kept D H 
at different temperatures, a 
current will in general be set up Pe 
in the circuit. Such a device is Fe 
known asa thermocouple and : 
the effect is known as Seebeck Pigi 119 
effect, 

Tf copper and iron wires are used to form a thermocouple’ 
as shown in Fig. 119 and a junction (H) heated to a temperature: 
higher than that of the other (C), the current will flow from 
copper to iron across the hot junction. 
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It is found that the insertion of a third metal in the circuit 
does not affect the emf acting round the circuit, provided that 
both junctions of the third metal with the circuit are at the same 
temperature. This makes it possible to insert into the circuit 
a measuring device, such as a voltmeter, galvanometer or 
potentiometer, without altering the emf. 

Variation of emf in a thermocouple with temperature, To 
see how the emf acting round a thermocouple changes with the 
temperature difference between 
its junctions, let us keep one 
junction of the copper-iron 5 Kí 
thermocouple at OO and N 
gradually heat the other. To 
measure the emf, a high resis- 
tance millivoltmeter may be 
introduced at a suitable point of the circuit (Fig, 126). 


It will be observed that as the temperature 7' of the hot 
junction increases, the emf increases also. The emf however 
reaches a maximum value (nearly 3 
millivolts) when the temperature of 
the hot junction is about 275°C. On 
increasing T beyond this value, the 
emf decreases and becomes zero 
when 7'—550?0. (Note that the tem- 
perature of the cold junction is 0'C 
allalong) As T' increases beyond 

Fig. 121 550°C, the emf reverses direction, 
the current now passing from iron to 
copper across the hot junction. The 
variation of emf with temperature 

for copper-iron couple is shown in Fig. 191. The curve is very 
nearly a parabola ; it is so for many other pairs of metals. If 
the temperature of the cold junction is other than zero, the emf 
can be obtained from the same curve by shifting the origin (as 
at O in the figure). 

The temperature at which the tangent to the thermo-emf 
curve is horizontal (the point N in Fig. 121) is called the neutral 


rfen 


Fig, 120 


ELECTRICITY AND HEAT 418 


temperature ; that at which the emf reverses is called the 
temperature of inversion, 


B. Peltier Effect. In 1834, a French physicist, Jean C. 
Peltier (1785-1845) observed that if a current is sent through a 
thermocouple by means of a C». 
battery introduced into the Ze 
circuit (Fig. 122), one of the 
junctions is heated while the 
other is cooled, If the current d 
is reversed, the junction which 
was previously cooled is now 
heated, and vice versa. The rate of heating or cooling at a 
junction is proportional to the current. The heating is different 
from joule heating, which is proportional to the square of the 
current. 

Peltier’s discovery is one of fundamental importance. Tt 
shows that there is an emf at each junction of the two metals. 
In the copper-iron couple (Fig. 122) it is found that the junction 
across which the current (from the battery) flows from copper 
to iron is cooled, while the other is heated. This implies the 
presence of anemf directed from copper to iron across each 
junction. 

When the current flows across the junction from copper to 
iron, the charge flows in the direction of the emf at the 
junction. Hence this emf does work, The corresponding energy 
which, in the case of a cell, came from chemical action, is derived 
from the heat energy of the junction. The junction is therefore 
cooled. 

At the other junction where the current flows from iron to 
copper, the charge moves against the emf. In moving from the 
iron at higher potential to the copper at lower potential across 
the junction, the charge does Work and gives its energy to the 
junction, which is heated. 

A thermocouple may therefore be looked upon as a heat 
engine which takes in heat at one junction, converts part of it 
into electrical energy and gives out the balance at the other 


Fig. 122 


junction. 


414 CURRENT ELECTRICITY 


Demohstration of Peltier effect. The heating of one junc- 
tion and cooling of the other when a current is passed by an 
external battery through a thermocouple 
(whose junctions are originally at the 
same temperature) may be demonstra- 
ted by the following simple experiment. 
A thermocouple formed of copper and 
iron (or better, iron and constantan or 
copper and constantan) is sealed in an 
H-tube as shown in Fig 123. A drop of 
oil, D, in the cross tube, which is a fine 
capillary, separates the junctions A and 
B. When a current is passed from 
copper to iron (or from constantan to 
copper or iron in the other cases), junction A is found to cool 
while B is heated. This causes the air pressure in the limb con- 
taining B to exceed that in the other. The drop D moves to- 
wards A. If the current is reversed, D moves towards B. 

The Peltier coefficient or the Peltier emf of a thermo-junction 
is defined as the work done in joules in transferring one coulomb 
of charge across the junction. It is thus expressed in joules per 
coulomb ¢ e. volts. Its value depends on the temperature and 
nature of the metals. For a copper-iron junction its value at 
0°C is 4°82 millivolts, at 106°C, 8°75 millivolts and at 275°, the 
neutral temperature, the valueis zero. 


C. Thomson Effect. A small emf exists along a conductor 
along which the temperature varies. The Thomson coefficient jg 
defined as the emf which exists between two points of homo- 
geneous conductor at which the temperature differs by 1°. If 
the emf is directed within the conductor from a point at the 
lower temperature toa point at the higher, Thomson coefficient 
is said to be positive. If we could drive a current under a positive 
Thomson emf it will be directed along the external circuit from 
the place of higher temperature to that at the lower. In most 
metals Thomson coefficient is positive. But in some, notably 
iron, platinum, bismuth, cobalt and nickel, it is negative, i.¢., the 
emf in the metal due to a temperature gradient is directed from 
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the point at the higher to that at the lower temperature. For 
copper the value is about 8 mierovolts per ^C and for iron about 
15 mierovolts per °C near 0°C. Its value inereases with tempera- 
ture. The Thomson coefficient of lead is practically zero. 


Let the ends of a thick bar AB(Fig. 124) of copper be 
maintained at 100°C and 0°C. There will be a point C on it 
at which the temperature 
is 50 C. If now a current 
is sent through the bar 
from A to B by means of 
an external battery, the 
50° point will shift to C, 
irre the cold end B. 

f the current is sent i 

from B to A, C shifts to is 

Cs towards A. The first case shows a heating of the bar, the 
second a cooling. The heating is different from Joule heating, 
which in this case is negligible since the resistance is very small. 
The reversible heating or cooling of a conductor by a current 
when there is a temperature gradient along the conductor is 
known as Thomson effect. The discovery is due to Sir William 
Thomson (later Lord Kelvin) in 1854. 

The emf in a thermocouple is the algebraic sum of the Peltier 
emf's at the two junctions and the Thomson emf's along the two 
metals. 


D. Simple electric explanation of thermoelectricity. Tho 
density of the free electrons in one metal is in general different 
from that in another. The free electrons are supposed to behave 
like a gas. So when two dissimilar metals are brought into con- 
tact, there will be a drift of the electrons from one into the 
other because of the difference in density or pressure of the 
electrons. In the case of copper and iron electrons are found to 
drift from iron to copper at each junction. The difference of 
potential thus produced will quickly stop any further drift. A 
change of temperature may not affect the electron densities in 
the two metals equally. Hence the number of electrons trans- 
ferred may well depend on the temperature. This accounts for 
the existence of a Peltier emf and its dependence on temperature, 


A satisfactory explanation of Thomson effect which accounts 
for both signs of the Thomson coefficient has not yet been found, 


51. Applications of Thermoelectricity. 


The emf's of thermocouples are so small that they are not 
useful as sources of electrical energy. Their application is con- 
fined principally to 


Part II—27 
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(i) measurement of temperature, 
'(i$) detecton of radiant heat, 
(iii) measurement of high frequency alternating currents 
in radio devices. 


(i) Measurement of temperature. The relation between. 
the emf e of a thermocouple and the difference t between the 
temperatures of its junctions may be expressed with fair accuracy 
by the relation 


L e at-- bt? 


Tt 

where a and b are constants fora given thermocouple. Their 
values may be determined by measuring the emf for two known 
values of t. When a and b are known for a given couple, t can 
be found by measuring e. Though there will be two values of 
t for a given value e, one of the solutions will be absurd. The 
emf may be measured by a potentiometer or a millivoltmeter. 


Thermo-junctions may be constructed of very fine wire. 
Hence the heat capacity of the junction can be made very small. 
Such a device is therefore very convenient for measuring the 
temperature of a body whose thermal capacity is very small. 
For the same reason if can be used for measuring rapidly 
changing temperatures. 


The following couples have been found most satisfactory in 
the ranges mentioned against them : 


Copper—Constantan (60Cu, 40Ni) “+ —100° to 500°C 
Tron—Constantan te “+ —100° to 800°C 
Chromel (10Gr, 90 Ni)— Alumel (98AI, 2Ni)::- 0° to 1100°C 
Platinum—Platinrhodium (90Pt, 10Rh) =- 600° to 1600°C 


Direct reading thermoelectric thermometers may be used 
for measuring the temperature of a furnace. One junction is 
placed inside the furnace and the other at a known temperature. 
The couple includes in its circuit a millivoltmeter whose scale is 
calibrated directly in degrees. Note that this gives the tempera- 
ture difference of the junctions. 


(ii) Detection of radiant heat. Radiant heat may be 
detected and measured with the help of a device known as a 
thermopile. It consists of a number of thermocouples, formed 
of the same pair of metals and joined in series. The arrangement 
of the metals is shown diagrammatically in Fig. 125. The juncti- 
ons lie on alternate sides, so that all odd junctions (from the top) 
lie to the right and all even junctions to the left. The metals are 
insulated from each other except at the junctions. If the couples 
are so arranged that the junctions on one side lie distributed 
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Over a surface, it is called a surface thermopile.  It-alternate 
Junctions are arranged one above the other in a straight line, it 


Fig. 125 Fig. 126 


is called a linear thermopile (Fig. 126 ; the central dots represent 
‘the alternate junctions arranged ina line). A sensitive galvano- 
meter is connected to the free ends of the metals, 


When heat radiation falls on a thermopile, every alternate 
junction is heated. It develops an emf which, at each hot june- 
tion, acts in the same direction. The total emf is thus multi- 
plied. The junctions are constructed to have a very small 
thermal capacity, so that even a small amount of radiation will 
cause an appreciable rise of temperature. The resulting emf 
causes a deflection of the galvanometer. 


The metal pair forming the couple may be antimony and 
bismuth (which gives the highest emf), iron and constantan, or 
copper and constantan, A bismuth-antimony thermopile of small 
heat capacity, placed in vacuum is reported to have detected 
heat radiation from a candle 53 miles away when the radiation 
from the candle was focussed on it by a large telescope objective, 
Linear thermopiles placed in vacuum are used in measuring the 
radiation received from a star. Very fine thermocouples are used 
for investigating the temperature variations in small insects, 


living cells, etc. 


(iii) Measurement of weak alternating currents, The 
current is allowed to flow through a wire which it heats. A 
thermo-couple of small capacity is soldered to the wire and a 
sensitive galvanometer is connected to the couple. When a current 
flows through the wire, the junction is heated and the emf deye- 
loped deflects the galvanometer. It is useful in measuring weak 
high-frequency alternating currents in radio devices, 
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E.. Thermoelectric Series. On the basis of the themo- 
electric behaviour of metals they may be arranged in a so-called 
thermoelectric series, viz : 

Antimony (97), Chromel (82), Iron (77), Platinum with 10% 
rhodium (64), Copper (59), Platinum (57), Alumel (40), Nickel 
(34), Constantan (22), Bismuth (0). 

In the case of a thermocouple made of two metals of the. 
series, the one coming first in the series becomes positive at the 
heated junction. The difference in the values of the numbeis 
for any two metals gives the emf in microvolts per C difference 
of temperature of the junctions, when one junction is at 0 C and 
the other at about 30'C. Thus for a chromel-alumel couple, the 
emf per °C temperature difference, called the thermoelectric 
power, is 82—40=42 microvolts. The values are approximate. 
For an antimony-bismuth couple the thermoelectric power is 97 
mierovolts per "C at 30°C. The current passes from chromel to 
alumel, and from antimony to bismuth across the cold junction. 


SUMMARY 
Whenever an electric current flows through a conductor, heat is deve- 
loped init. Joule found that the heat developed is proportional to (i) 
the square ofthe current, (ii) the resistance of the conductor and (iii) 
the timo of flow. In symbols 


y* 
H=Ki*Rt=KVIt=K——t 
R 


If J isin amperes, Rin ohms, Vin volts and H in calories, K=*24 
cal/joule. 

The heat so dissipated in the conductor comes from the electrical 
energy ofthe charge which flows. A change of Q coulombs in falling 
through a p.d. of V volts does VQ joules of work. A current of I amps 
flowing for ¢ seconds means a transfer of Q=It coulombs. If V is the 
terminal p.d. of a conductor V - RI. Hence total work done by the charge 
Q is RIxIt joules. This appears as heat in the conductor. 

For conductors in series heating is directly proportional to tho resis- 
tance. For conductors in parallel it is inversely proportional to the 
resistance. 

Tho watt is the practical unit of electrical power. 

Watts =amperes x volts 
1 Kilowatt = 1000 watts 

The watt-hour and kilowatt-hour aro units of electrical energy. The 
latter is known as the Board of Trade unit. The.kilowatt-hour is the 

energy consumed in one hour when the power is one kilowatt, 


Kilowatt-hours = amperes volts x hours 
1000 


Heating effect of currents is utilised for various domestic, industrial 
and scientific purposes. Various electrical heaters, stoves, furnaces, fuses, 
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hotwire ammeters are examples of its application, ' The most! important 
is the electric glow lamp. : Modern: glow lamp consists of a fine wire of 
tungsten enclosed in a bulb which may be evacuated or gas-filled: ‘Lamps 
are connected in parallel to the mains. . 
In thermocouples heat energy is converted into electrical energy. 
; When the junctions of couple are kept at. different temperatures, a 
current flows through it, This is known as Seebeck effet. When a 
current is sent through a couple by a. external battery, one junction is 
cooled and the other is heated. Thisis Peltereffect. It points to the 
existence of an emf at each junction, known as Peltier emf. There is 
also an emf in a conductor due to temperature difference. This is known 
as Thomson emf. The observed thermo-emf in a couple is the algebraic 
sum ofthe Peltier emf’s atthe junctions and Thomson emí's along 
the wires, 

The most important application of thermocouples is to the measure- 
ment of temperatures. Thermopiles consist of thermocouples in series. 
They are used for detecting and measuring radiation. 

Thermoelectric power means the rate of change of emf of a thermo- 
couple with temperature. It is measured in microvolts per "C. For 
different couples it varies from a few to 1004 V/?C. The emf-temperature 
eurve of a couple is very nearly a parabola. The temperature correspond- 
ing to the vertex of the parabola is called the neutral temperature. 
Peltier emf at this temperature is zero. 


EXERCISES 


1. State Joule’s law of heating and describe experiments to verify it, 

2. Deduce Joule's law of heating from energy considerations in a 
circuit. Explain clearly the meanings of the symbols when Joule’s law 
is expressed in the form H=kI?Rt=kVIt, 

3. Describe an experiment for measuring the mechanical equivalent 
of heat by electrical means, 

4. Define the following :— 

Joule, Watt, Watt-hour, Kilowatt-hour, B.O.T. unit. 

A current of 10 amp. passes through a resistance of 20 ohms for 
5 rain. What is the terminal p.d. of the resistor ? How much work is done 
in joules? How much heat is developed 7 What is the power dissipa- 
tion ? 

{Hint: Power dissipation is the power wasted as heat. 

Ans: 200 Volts ; 6x 10° joules ; 143 x 10° cal ; 2 kilowatts] 

5. Mention some useful applications of the heating effect of current 
for (a) domestic and (b) industrial purposes. 

What is a fuse ? How does it act ? 

6. Give a short description of the modern electric glow lamp. 

What do you understand by the following 

(a) A 110 volt, 100 watt lamp, 

(b) The'efficiency of a lamp is 2 candles per watt, 

(e) A coiled-coil lamp t 
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1. What isa thermocouple ? How does the emf ofa thermocouple 
change with temperature ? What is neutral temperature ? 

Describe how a thermocouple may be used for measuring (a) tempera- 
ture, (b) temperature differences, 

8. What arethe advantages of a thermoelectric thermometer over 
other thermometers ? What do you understand by the statement that 
the thermo-electric power of a chromel-alumel couple is 40 microvolt 
per *C.? 

Describe experiments to demonstrate Seebesk effect and Peltier effect. 
Define Peltier coefficient and Thomson coefficient. 

What is a thermopile ? State its use and the way it acts. 

9. A current of 3:5 amps flows for 10 minutes through a coil of 
resistance 0°75 ohm. It is immersed in 200 gm of water initially at 30°C. 
Ifallthe heat is absorbed by the water, what willbe the final tem- 
perature ? [Ans : 36:6*C] 

10. Show that for conduetors in series the rate of heat dissipation 
ineach is directly proportional to the resistance, while for conductors in 
parallel it is inversely proportional to the resistance. 

ll. An electric heater hasa resistance of 50 ohms. It is used on 
220 volt mains for 2} hours. Calculate the cost at 4 annas per unit. 
What is the power of the heater ? [Ans : 9 as. 8p ; 968 watts] 

12. A battery isin series with a tangent galvanometer and a coil of 
lohm resistance immersed in 100 gm of water. In 30 minutes the rise 
of temperature is 12*C. The galvanometer deflection is 60°. Compute the 
reduction factor of the galvanometer, [Ans. : *96 amp (nearly) ] 


13. You have a 110-volt, 500-watt heater which you want to use on 
220-volt mains. What series resistance should be added ? [Ans : 24:2 ohm] 


14. Two 110 volt bulbs, one of 10 watts and the other of 100 watts, 
are connected in series across 220-volt mains. Predict the result. 


[Hints : Calculate the resistance of each bulb and hence the p.d. 
across each, The p.d. across the 10-watt bulb will be 200 volta. It will 
burn out.] 


15. "Two wires are of the same material and length, but the diameter 
-of one is half that ofthe other. The currents through them are so 
adjusted that the rate of production of heat is the sama in both. Com- 
pare the currents. [Ans: Current inthe thin wire is half that in tho 
thick one.] 


16. You have at your disposal a number of 100-watt and 60-watt 
22: volt lamps. Find the least number of lamps you will require to draw 
a current of 4 amps from 220 volt mains. How shall they be connected ? 
What will be the current if they are connected in series ? 


[ Ans: 10 (seven 100-watt and three 60-watt) ; in parallel ; *04 amp 
(nearly).] 

17. Water flows overa heating coil and in 4 minutes 198 gms are 
collected. The current through the coil is 1*05 amps and the p.d. across 
the terminals is 16:5 volts. Ifthe temperature difference between the 
inlet and outlet ends of water is 56°C, caleulate J, — (Ans : 4'2 joules/cal.] 


CHAPTER VII 
ELECTROLYTIC CONDUCTION 


52. Distinction between Conduction through solids 
and Liquids. ^ 


In the previous chapters we confined our attention to pheno- 
mena associated with the flow of electricity through solid con- 
ductors, generally metals. Mercury or any other metal in the 
liquid state conducts electricity in the same way as metals in the 
solid state. Most other liquids do not conduct electricity ; but 
some do. They are called electrolytes. Solutions of acids, bases 
and salts in water are electrolytes ; but a sugar solution is not. 
Generally speaking, solutions in organic solvents are poor con- 
ductors, whereas those in liquid NHs, SO; and HON are good. 
Many molten substances, such as NaOH, KOH, are electrolytes. 

The process of conduction of electricity through electrolytes 
is different from that in metals. The characteristics of metallic 
conduction are 

(i) the presence of a magnetic field around the conductor, 

(ii) heating of the conductor, 

(iii) no chemical action in the conductor, 

(iv) a conduction process which consists in the flow of 
electrons. Matter in bulk, i.e., atoms or ions are- not 
transported, 

(v) applicability of Ohm's law, 

(vi) presence of a resistance which, for metals, increases 
with temperature. 

Electrolytic conduction differs fundamentally from metallic 
conduction. While (i) and (ii) hold, a fundamental difference 
occurs in (iit) and (iv). Electrolytic conduction is always accom- 
panied by chemical change. Moreover, the conduction is due not 
to the transport of free electrons, but to the transport of charged 
atoms and atom groups. There is thus transport of matter in 
electrolytic conduction. Ohm's law needs modification for appli- 
cation to electrolytes. The resistance of electrolytes diminishes 
with temperature, the temperature coefficient being large (about 
2% per °C): In this chapter we propose to study these character- 
istics of electrolytic conduction. 


53. Some Terms and thier Definitio... 
In the study of electrolytic conduction it will be advantage- 
ous if we acquire familiarity with certain terms and learn their 


meanings. 
Ion.—An ion is an atom, a molecule or a radical (i.¢., a 
group of atoms forming part of a molecule) which has an excess 
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or deficit of electrons over its normal quota. When there is a 
deficit of electrons, the ion has an excess of positive charge and 
is called a positive ion: A negative ion has an excess of electrons. 
(For examples see footnote, p. 984). 


-Dil Electrolyte.—An electrolyte is ‘a liquid in which ‘electricity 
is conducted by means of ions of both kinds. This’ statement 
will be understood as we proceed further. 

In studying electrolytes two electrodes or conductors are in- 
‘troduced into it and conducted to the two poles of an external 
source of emf, such asa battery or a dynamo. That electrode 
of the electrolyte which is connected to the positive pole of the 
external source of emf is called the anode ; the one connected to 
the negative pole is the cathode. 

Anode.—The anode is the electrode or conductor by which 
positive electricity from an external source of emf is supposed 
to enter an electrolyte. 

Cathode.—The cathode is’ the electrode or conductor by 
which positive electricity leaves the electrolyte. 


Electrolysis is the chemical process which occurs at the 
interface between an electrode and an electrolyte when a current 
passes from one to the other. 


A vessel containing an electrolyte with two electrodes of the 
Same material introduced into it is called an electrolytic cell. 
We shall see that in such a cell electrical energy supplied from an 
external source produces a chemical change. These should be dis- 
tinguised from voltaic cells (see Chapter I) which are used to 
supply electric energy at the cost of chemical energy. 


54. Conduction through Liquids. 


Dip two platinum electrodes in a vessel containing mercury 
and connect them in series with a battery, a rheostat and an 


Pt Electrodes 

CG 77 i, 

YY) 

Hg Distilled A 
Me cs 
i 
(B) 
Fig. 127 


ammeter (Fig. 197a). A voltmeter may be connected across the 
electrodes.: We shall see that though mercury is a liquid the 
flow of electricity through it’ shows. all the characteristics of 
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‘iow through a solid. The Magnetic and the heating effects are 
present. Ohm's law holds good, but there is no chemical action 
‘and no change occurs in mercury. WIL 

Now dip the electrodes in freshly distilled water. There will 
be no appreciable eurrent through the ammeter. Liquids of this 
type—distilled water, oils etc—have 80 great a resistivity that 
they may be considered as nonconductors. We shall exclude 
them from further discussion. 


Dissolve a little NaCl or CuSO. in the water or add a little 
HS0, toit. On dipping the electrodes now, & sizable current 
"will be seen to flow through the solution. Moreover bubbles of 
gas will be seen to evolve at both electrodes. A chemical 
change goes on at the interface between the electrodes and the 
solution so long as the current flows. The evolution of gas ceases 
as soon as the current is stopped. 

The flow of current in the last case is accompanied by 
magnetic effects. A needle placed close to the solution will be 
deflected. The liquid warms up as the current flows. In addi- 
tion it shows a chemical change. A liquid conductor exhibiting 
a chemical change due to the flow of electricity is an electrolyte. 

If, instead of the acid or the salt, we added sugar, the 
electric current would not flow. While a solution of HCl in 
water conducts electricity, & solution of HCl in benzene does 
not. Whether a solution will conduct electricity. i.e., behave 
as an electrolyte depends both on the solute and the solvent. 


55. Electrolytic Conduction. 


The well-known Swedish chemist Svante Arrhenius (1859- 
1997) was the first to offer a satisfactory explanation of the pro- 
cess of electrolytic conduction. We give below an account of the 
theory as it stands now. 

In electrolytes, the process of solution splits up or dissociates 
the molecules of the solute into two oppositely charged ions. 
Thus, when HCl is dissolved in water, the HCl molecule splits 
up into the ions H+ with a positive charge and Cl” with a 
negative charge. The electron of the hydrogen atom has attached 
itself to the chlorine atom. The HeSOu molecule splits up into 
{wo H* and one S047 ion ; CuSO, splits into Cu** and 80,77, 
AgNO, into Ag* and NOs’, NaOH into Na* and OH’. (The 
number of + or — signs indicates the pumber of electrons 


transferred.) 
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—. The chemical properties of an ion are very.different from 
the properties of the corresponding neutral atom or molecule. 
i An ion is chemically inert. The 
Na* ion is stable in an aqueous 
solution : but the neutralatom Na 
would react vigorously. Each ion 
is believed to be surrounded by a 
group of solvent molecules. The 
ions move about in the liquid at 
random. 


When two electrodes connected 
to the poles of a battery are dip- 
ped into the electrolyte lier. HCl 
2 solution, Fig. 128), an electric 

Fig. 128 field is established between the 

i electrodes because they are at 

different potentials. The, ions, which are charged particles, ex- 

perince a force in this field and move accordingly. The positive 

ions (here H*) move towards the electrode at the lower poten- 

tial, 2e. the negative electrode or cathode. The negative ions 

(here CI-) move towards the anode, which is at the higher 
potential, 


We may look at the forces acting on the ions in another 
way also. The electrode connected to the positive pole of the 
bettery will have a positive charge on 
it (Fig. 129). Some electrons have 
been transferred from it by the emf. 
The one connected with the negative 
pole has an excess of electrons for the 
Same reason. The anode has thus a 
Positive charge and the eathode a 
negative charge, The positive ions in 
the electrolyte (CuSO, solution in 
Fig. 129) are attracted by the nega- 
tive charge on the cathode ; the negative ions are attracted by 
the positive charge on the anode. The positive ion is called the 
cation because it goes to the cathode, and the negative ion the 
anion because it Goes to the anode. When ions reach their reg- 
peotive electrodes, the charges on them are neutralised by the 
opposite charge on the electrode. They are then converted 
into neutral atoms or radicals. Wherever possible these free 
atoms and radicals enter into chemical reaction with the solvent 
or the material of the electrode, 

From the above picture of electrolytic conduction it will be 
seen that electricity is transferred by two streams of oppo- 
Sitely charged ions moving through the electrolyte in oppo- 
Site directions. In metallic conduction there is only one 
Stream, of electrons, moving in one direction. It should be 


Fig. 129 
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noted that matter is also transported through the electrolyte 
and not electricity alone. 


56. Some Electrolytic Reactions. 


The word ‘electrolysis’ literally means ‘breaking up by 
electrical means’ and applies to the decomposition of molecules in 
an electrolytic cell when a current passes through it. The final 
products of decomposition depend on (;) the solute, (ii) the 
solvent and (iii) the material of the electrodes. Here we shall 
consider aqueous solutions only. 

1. Electrolysis of hydrogen chloride. Two carbon elec- 
trodes, A and C, are dipped in a solution of HCI (Fig. 128). 4 is 
connected to the positive pole of a battery and forms the anode ; 
C is the cathode. Current from the battery enters the electro- 
lyte through A and leaves through C. In the circuit outside the 
electrolyte the actual flow of current consists in a drift of elec- 
trons from A to C. 

The HCl molecules in the solution are dissociated into H* 
and CI” ions in the very process of solution. (The HCl molecule 
may be looked upon as being torn up into two pieces* by the 
pull of the solvent molecules.) The positively charged hydrogen 
ions will be attracted by the cathode and the negatively charged 
chlorine ions by the anode. The result will be a drift or migra- 
- of ions through the electrolyte towards the respective elec- 
trodes. 

Each H* ion upon reaching the electrode CO will combine 
with an electron there, forming a hydrogen atom : 

Ht +e >H 

From these atoms hydrogen molecules are formed and 
evolve at the cathode as gas. The chlorine ions upon reaching 
the anode A give up their electrons and become chlorine atoms : 

Or —e > Cl. 


(The atoms combine to form chlorine molecules. So long as- 
the concentration of chlorine in the solution is low, chlorine 
reacts with water and liberates oxygen. But when the saturation 
value is reached, bubbles of chlorine evolve from the anode. 

2. Electrolysis of dilute sulphuric acid. The H480, 
molecule dissociates into H* and SO,~ ions in an aqueous 
solution. When inert electrodes of platinum or earbon are dipped 
in a solution of dilute sulphuric acid and connected to the poles 
of a battery, H* ions move to the cathode, where they combine 
with an electron each and are converted into atoms of hydrogen. 
These combine to form hydrogen molecules, which evolve at the 
cathode as gas. 


« When an H atom combines with a Cl atom, the electron from the 
H atom may be looked upon as having been transferred to Ol. So the 
molecule consists of two pieces, H * and Gi”, held together by electrostatic 
force of attraction. 
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The: SO, ions upon reaching the anode give up their 
electrons and combine with the water present to form sulphuric 
acid, liberating oxygen-as a gas. The reaction is as follows : 

j 1 — 80,7 —2e—80, ; 80,-H,0— H,80, 
T*T0;0-40-0, 
The H.SO which tends to form in this 
way remains in the solution as H * and 
S0477 ions. Hence we may write the 
chemical reaction at the anode as 

280,77 —4e+ 9H,0>41* +280,7-"+0, 

We find that the ultimate product 
given out at the anode is oxygen ; that at 
the cathode is hydrogen. Electrolysis has 
not removed the sulphion (SO,~~) from 
the solution. It is water which is being 
removed from the electrolyte by 
decomposition. 

An apparatus for the electrolysis of 
water in this way is shown in Fig. 130. 
The apparatus is filled with dilute 
sulphuric acid. The side tubes have small 
platinum electrodes. The gases are collec- 
ted in the upper part of the side tubes 
beneath the taps. The displaced liquid is 
driven up the central tube. The volumes 

of the gases collected will be as 2 : 1, 

3. Electrolysis of copper sulphate. The ions are Cu tt 
and S0477. If the electrodes are inert, copper will be deposited 
on the cathode ; but at the anode the S0, ~~ ion will react with 


Fig. 130 


Fig. 132 


w ; gen as'in the case of electrolysis of water. 
Thus copper will be gradually removed from the solution. The 


water liberating oxy 
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copper sulphate in the solution will be gradually replaced by 
sulphuric acid, and after the whole of the copper has been 
removed, electrolysis of water will go on, as it occurs in dilute 
sulphuric acid solution. 

It the electrodes are of copper, copper ions will still be 
deposited on the cathode. At the anode the sulphion will attack 
copper, forming copper sulphate. Thus at the anode the copper 
will dissolve. The strength of the copper sulphate solution will 
remain unchanged. As a rusult of the electrolysis copper is 
transferred from the anode to the cathode. When silver nitrate 
solution is electrolysed between silver electrodes, silver dissolves 
at the anode and deposits on the cathode (Fig. 181). 

Fused lead chloride may be electrolysed into lead and chlorine 
with the help of carbon electrodes. Note that it is not a solution. 
Fig. 182 represents the arrangement. Lead collects as globules 
at the cathode and falls to the bottom. Chlorine is evolved at 
the anode. 

. The result of electrolysing lead acetate solution. between lead 
electrodes is interesting. Lead erystals grow in the form of a tree 
at the cathode, which should be at the centre (Fig. 183). At the 
anode the lead dissolves under the action of the acetate ion and 
maintains the strength of the solution constant. 


Fig. 133 


It sodium chloride solution is electrolysed, using carbon 
electrodes, the gases evolved will be hydrogen at the cathode and 
chlorine at the anode. The Nat ion goes to the cathode, and on 
neutralisation of charge at that place becomes an Naatom. It 
reacts with water liberating hydrogen. If, however, the cathode 
is a pool of mercury the Na atom forms an amalgam with 
mereury. No hydrogen is liberated at the cathode in this case. 
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The above experiments show that 

(i) the products of decomposition are not necessarily the ones 
which carry the current through the electrolyte, They are the 
final result of the chemical action that takes place at the 
electrodes ; 

(ii) metals and hydrogen are liberated at the cathode ; the 
acid radical or oxygen at the anode. 

Determination of the polarity ofa cell or the mains. 
Due to the difference in the nature of the ions liberated at the 
electrodes in electrolysis, it is possible by means of electrolysis 
to identify the positive and negative poles of a battery or supply 
mains. Add a little starch paste to an aqueous solution of 
potassium iodide and moisten a piece of filter paper with it, If 
wires from the terminals of a cell are now allowed to touch the 
paper, a feeble current passes through it. Iodine is liberated at 
the anode and, acting on the starch, it produces at dark blue 
coloration at that place. Hence, the wire at which the dark blue 
colour is produced is the anode. In testing the mains in this 
way, a suitable resistance, say, a lamp, must be included in 
the circuit. 

When wires from the mains are dipped in aeidulated water, 
the cathode, at which hydrogen is evolved, is marked by the 
more copious evolution of gas. Here also a protecting resistance 
should be included. 


57. Faraday's Laws of Electrolysis. 


Michael Faraday* was the first to investigate systematically 
the conduction of electricity through electrolytes. By a series of 
brilliant experiments he was able in 1834 to formulate the 
following laws, generally referred to as Faraday’s laws of 
electrolysis : 

1. The mass ofa substance liberated by electrolysis is pro- 
portional to the quantity of electricity that passes through the 
electrolyte. 


*Michael Faraday (1791-1867), a great English experimental 
physicist and discoverer of the principle of dynamo, He was the 
son of a blacksmith and began life ag a bookbinder's apprentice. On 
reading some books of science which passed through his hands, he 
became intensely interested in science and got the opportunity of ful- 
filling his desire when he became a valet and assistant to the great 
English scientist, Sir Humphrey Davy. Faraday rose to great heights in 
the scientific world, but always shunned publicity and honour. He re- 
fused knighthood, as well as the Presidentship of the Royal Institute 
and of the Royal Society of London, 
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- 9. When the same quantity of electricity passes through 
different electrolytes, the masses of the various substances 
liberated are proportional to their chemical equivalents. 


Fig. 134 


The chemical equivalent of an element (or radical) is 
defined as its atomic (or radicular) weight divided by its valence. 


Fig. 134 shows three electrolytic cells connected in series, so 
that the same current passes through them. They contain in 
salution HCl, AgNO, and CuSO, respectively. H, Ag and Cu 
are deposited at the respective cathodes. Their chemical equiva- 
lents are as 1: 108 : 32. Their masses deposited by a current 
flowing for a given time will be in the above ratio. 


In a given cell the mass of any ion (cation or anion) 
deposited will be proportional to the charge flowing, i.e., to the 
product of the current and the time. 


Since the anion in most cases gives rise to secondary 
chemical reaction at the anode, it is better to seek the effect at 
the cathode. 


Electro-chemical Equivalent. If Mis the mass of sub- 
stance liberated by a current I flowing for time ¢ through the 
electrolyte, the charge that passes is Q— t. According to the 
first law 

M =Q 
or M= ZQ=ZIt (57.1) 


where Z is the factor of proportionality. The value of Z depends 
on the units in which M, I and tare expressed. If M isin 
grams, J in amperes and ¢ in seconds, Z will be in grams per 
coulomb, since 


The constant Z is called the electro-chemical equivalent 
(abbreviated E.O.E.) of the substance liberated and is a charac- 
teristic constant for that substance. We may define it as follows : 
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` The electro-chemical equivalent of a substance is the 
mass in grams of the substance liberated in electrolysis by 
the passage of one coulomb: of electricity through the 
electrolyte. 
Table of Electro-chemical Equivalents 


(In grams per coulomb) 


Element ‘Atomic Valence E.C.E. C.E. 


mass 


Copper 63°57 0003294 91'19 
Hydrogen 10078 *00001046 10078 
Silver 10788 0011180 10788 


Electro-chemical equivalent (E. C. E.) should not be 
confused with chemical equivalent (C.E.) which has been defined 
as atomic mass divided by valence. A mass in grams numerically 
equal to the chemical equivalent of a substance is called a 
gram-equivalent of that substance. One gram-equivalent of 
hydrogen is 10078 gm, of monovalent copper 63:57 gm. For 
divalent copper it is 63°57/2 gm. 

General Equation. If A is the atomic mass and v the 
valence of a substance, its chemical equivalent is 4/v. From the 
second law 


Mond when Q, i.e. 1 Xt is constant. 


' From the first law 
MQ (= It) when A and v are constant. 


de M= 4 Q when all vary. 
1/4 
or M= L4 Q (57.9) 
Comparing this equation with Eq. 57.1 we find 
_1/A 
Z- u4 (57.3) 
The Faraday. The constant F may be identified as follows : 
n7 c AQ 
From Eq. 57.2 p-4 
rom Eq "A 


If the mass deposited (i.e. M) is equal to A/o, F=Q. Hence 
F is the charge which must flow to deposit one gram equivalent 
ofasubstance. It is called the Faraday. The faraday is the 
charge in coulombs necessary to deposit one gram-equivalent of 
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any substance by electrolysis. Since Eq. 57.2 holds when A, 
v and Q all vary, F has the same value for all substances. 


Numerical value of the faraday. We have 


dU D PUT HM 
yo A 
o Mo Z (674 
since M — ZQ from Eq. 57.1 
The values of 4 and Z for silver have been very accurately 
determined. Using these data forsilver (see table of E.C.E) 


*001118 
pc 3 
10788 96,494 coulombs 


Relation between C.E. and E.C.E. From Eq. 57.4 we may writo : 


The Fara day — chemical equivalent of a substance (A/v) 
its electrochemical equivalent (Z) 


— OF. 
E.C.E. 
AG. . OR 
* ECE of any substance EOE. of any other substance, 


‘ (say hydrogen) 

Since C.E. for hydrogen may be taken practically as unity, 
we may say, F 

E.C.E. of any substance = its C.E. x E.C.E. of hydrogen. 


ExaAMPLESs, (1) How long will it take a current of 0'5 amp to deposit 
1 gm of copper ? 


Solution : Apply relation M=ZIt. Here M=1 gm., Z=*000329 (from 
table), 1—0'5 amp ; to find t. 
t= M|ZI = 1/:000329 x *5 sec=6078 soc=101°3 min. 
(2) 1f0'4752 gm of nickel is deposited by a current of 0'6 amp in 
40 min, what is the E.C.E. of nickel ? 
Solution; Here M=0'4752 gm, 1-06 amp., (—40 x 60 sec ; to find Z. 
_M 04752 
Z--q = 6x2100 
(3) 1£0'006708 gm of silver is deposited by 2 amp in3 sec, what 
mass of copper would be deposited in the same circuit ? 


=3'3 x 107* gm/coulomb 


Solution : From Faraday's second law the masses will be in the ratio 
of the chemical equivalente, since the charge is the same. Taking 
divalent coppor, its C.E.—31:8. For silver C.E.—107'9. 


M 3r8 
*006708— 107-9 
(4) If the density of hydrogen is 9x107* gm/c.c., how long will it 
take s current of 5 amps to produce 1 litre of hydrogen * 
Solution : Mass of 1 litres 1000 x 9 x 107* = -09 gm. 


Part I1—28 


or M 001977 gm. 
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E.C.E. of hydrogen (from table) = 1°05 x 107^ gm/coulomb. 
M *09 
ESL 7 105x10:5x 5 ^ 1114 Bec: 


When the amount of chemicals in a voltaic cell is known, it 
is possible to calculate the maximum charge it can give before 


it is com pletely exhausted. Faraday’s laws may be applied for 
the purpose. 


ExaAMPLE. (1) Tho zine rodin a Daniell cell weighs 1 lb. What is 
the maximum charge obtainable before it is completely consumed ? How 
much copper sulphate should there be in the solution so that the whole 
of the zinc may be consumed ? 


Solution : Removal of each gram-equivalent of zine transports one 
faraday of charge through tho coll just as in electrolysis. Atomic weight 
of zinc = 65°36 ; valence=2. 

Now, 1 1b.—453:6 gm.=453'6/35°68 x 13°88 gm. equiv. of zinc. 

.. Maximum charge available x 13:88 x 96494= 1:3393 x 10° coulombs, 

Molecular weight of CuSO, =159'6 ; equivalent weight- 79:8. 


The amount of copper sulphate required —13:88 gm. equivalents 
=13'88 x798 = 1108 gm. 


58. Experiments with a Voltameter, 


Instruments in which the electrolytic action of an electric 
current is employed for the measurement of a quantity of 
electricity are called voltameters, The name should notbe confused 
with ‘voltmeter’, which measures a potential difference. Volta- 
meters are also known as coulombmeters or coulometers, Charge 
is measured by the mass of the deposited substance. 


A voltameter has a simple construction, which depends on 
the chemical action in the electrolytic cell. A water voltameter 
has the construction shown in Fig. 130, the side tubes being 
graduated in cubic centimetres from the top for measuring the 


volume of the collected gas. 


In » copper voltameter the elec- 
trolyte is a concentrated solution of 
copper sulphate. In order to repress 
secondary effects a little sulphuric 
acid and alcohol are added to it. Its 
cathode (Fig. 136) consists of a thin 
copper sheet suspended from a stout 
conductor. The anode consists of 
two thicker plates of copper, one on 
either side of the cathode; so that 
deposition of copper takes place on 
both sides of it. Insulators carry the 
Fig. 135 leads and rest upon the edge of the 
vessel containing the electrolyte. The copper voltameter can 
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be used for measuring strong currents, 1 amp for every 50 sq. 
cm area of the cathode. 


A form of silver voltameter is 
shown in Fig. 186. The electrolyte 
is a freshly prepared 10% solution of 
silver nitrate. The anode is a rod or 
disc of pure silver clamped in a suit- 
able stand. It is wrapped round with 
filter paper, which prevents foreign 
particles detached from the anode 
from being deposited on the cathode. 
A platinum vessel standing upon a 
metal base serves as the cathode. 
The silver voltameter gives results 
of high precision. 

(i) Determination of the E.C.E. 
of silver. The platinum cathode of a 
silver voltameter is carefully washed, 
dried and weighed. It is then filled 
with a freshly prepared 10% solution d 
of silver nitrate. The anode, a rod Fig. 136 
of silver, is wrapped round with filler paper and introduced into 
the electrolyte. Current is drawn from a battery (B, Fig. 137) 
of two lead storage cells and is controlled by a rheostat E to a 
constant value which is indicated by an ammeter A included in 

cobi OR thecireuit. The silver rod is con- 

f zs il ~ nected to the positive pole and the 

i B platinum bowl to the negative pole 
of the battery. 


A constant current of 1/2 amp. 
or so depending on the size of the 
cathode is passed through the elec- 
trolyte for about half an hour. The 
time is noted carefully by a stop- 
watch. The current is then stop- 
the cathode washed, dried and weighed again. The differ- 


Fig. 137 


d, i 
2 in weight from the first value gives the mass M of the silver 
deposit. Since the current J and the time of flow ¢ are known, 


Z for silver is found from the relation M-ZIt. 

To find the E.O.E. of copper a copper voltameter should be 
used in place of the silver voltameter. 

(ii) Measurement of Current. We shall illustrate the 
measurement of current by using a copper voltameter. The 
cathode is first carefully cleaned, washed, dried and weighed. 
The circuit through which the current flows is then opened at a 
suitable place. The positive terminal of the circuit is connected 
to the anode and the negative terminal to the cathode. The 
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current is allowed to flow for a known time after which the 
cathode is removed, washed, dried and weighed. The difference 
in weights gives the mass of the deposit. Since Z for copper is 
known, the current J is obtained from the formula M= ZTt. 

The charge which flowed through the voltameter is Tt. 

. (iii) Reduction factor of tangent galvanometer. To find the 
reduetion factor of a tangent galvanometer the circuit shown in 
Fig. 187 may be used. The ammeter A is replaced by the 
tangent galvanometer. V may be a voltameter of any kind, say 
copper. R is adjusted so that the galvanometer deflection is 45°. 

After this preliminary adjustment the cathode is removed, 
cleaned, dried and weighed. It is then re-inserted and the 
current allowed to flow for a known time. If necessary R is 
adjusted to keep the current, and hence the deflection, constant. 
Tis calculated from the mass of the deposit. The reduction 
factor is obtained from the relation 


M 
K tan 02 I——-. 
an Fi 


If Z is in grams per coulomb, K will be in amperes. 

(iv) Verification of Faraday’s laws, Tho first law may be 
verified by using any voltameter. The circuit is that shown'in 
Fig. 137. The deposit for a known I and known ¢ is measured. 
During this time J must be kept constant. I and t are then 
altered in successive experiments and the deposit measured each 
time. It will be seen that the mass of the deposit is in every 
case proportional to the product If, i.e., to the charge which 
flows through the electrolyte. 


To verify the second law a number of voltameters of different 
kinds are connected in series and a constant current sent 
through them. The electrodes of the voltameters must be 
correctly connected to the circuit. From the masses of the ions 
deposited or the gases evolved, it will be seen that they are pro- 
portional to the respective chemical equivalents (see Fig. 184). 


59. Applications of Electrolysis, 


y The main applications of electrolysis are in (i) electroplating, 
(ii) extraction and refining of certain metals, production of 
certain chemicals and (iit) electrotyping. 


(i) Electroplating, In electroplating, a conductor, generally 
a metal, is given a thin coating of a more attractive or durable 
metal by electrolysis. Thus, artides of brass and iron, which 
corrode in the air, are given a coating of nickel or chromium, 
which does not corrode. Cheap jewelry are gold or silver-plated. 
Spoons, forks etc. are silver-plated. 


The objects to be plated are cleansed thoroughly and made 
the cathode of an electrolytic cell. The anode is made of the 
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metal to be deposited ; the electrolyte is a suitable solution 
which contains ions of this metal. To ensure an even deposit 
the cathode may be slowly rotated or be completely surrounded 
by the anode. 


For best quality silvez-plating (known as electro-plated 
nickel-silver, or E. P. N. S.) the object is first given a coating of 
nickel ; silver is then deposited on this coat. 


The details of some electroplating baths are given below : 


Anode | Electrolyte 
Silver-plating Silver Solution of double cyanide of 
Silver and potassium. 
Nickel-plating Nickel Solution of nickel-ammonium 
sulphate and ammonium 
sulphate. 


Chromium-plating | Chromium (Chromic acid and chromic 
sulphate with small quanti- 
ties of chromium carbonate. 


Copper-plating Copper Solution of copper sulphate. 
Gold-plating Gold Double cyanide of gold and 
potassium. 

(xls ie ee ee ee eee 

(ii) Extraction and refining of metal. Aluminium is ex- 
tracted by electrolysing a fused mixture of alumina (aluminium 
oxide), eryolite and fluorspar. Only the alumina is decomposed. 

Copper, as it comes from the smelting works, is not pure 
enough. To refine it the crude copper is made the anode and 
a sheet of pure copper the cathode of an electrolytic cell con- 
taining copper sulphate solution. When f electrolysed, the 
copper deposited on the cathode is about 99°95% pure. It is 
known as electrolytic copper. 

The metals sodium, potassium, calcium, the gas chlorine 
and many other substances are now produced on a commercial 
scale by electrolysis. Chemicals like caustic soda, caustic potash 
ete. are also produced electrolytically. 

(ii) Electrotyping. Matter which has to be printed in 
large numbers is generally printed from electrotype plates. The 
matter is first set up in ordinary type and an impression is 
taken on wax. The wax mould is dusted with graphite powder 
and made the cathode ina bath of copper sulphate solution. 
The anode is of copper. When the current is passed, „copper 
deposits on the mould which has been rendered conducting by 
the graphite. When the copper deposit acquires the thickness 
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of a visiting card, it is peeled off the mould and backed up with 
type metal to give it necessary strength for printing. 


*60. Applicability of Ohm’s Jaw to Electrolysis : 
Resistance of Electrolytes, 


When a potential difference V is applied across the elec- 
trodes of an electrolytic cell a current T is found to pass. The 
current is not proportional to V, but rather to V— E where E is 
a constant for the particular cell and depends mainly on the 
ions liberated at the electrodes and on the nature of the 
electrodes, 


When the ions liberated are of substances other than that 
of the electrodes, the nature of the electrodes virtually changes 
due to the deposition. Thus when water is electrolysed between 
platinum electrodes, hydrogen and oxygen are liberated. 
During electrolysis the cell is virtually one which has hydrogen 
and oxygen as electrodes. It acts like a voltaic cell setting up 
an emf which opposes the applied p.d. E is the back emf of 
this voltaic cell. 

Tn electrolysis the ions are separated against their mutual 
attraction. They have a tendency to re-unite, which manifests 
itself in the back emf. When CuSO, is electrolysed between 
platinum electrodes thereis a back emf of about 1°17 volts. 
But if copper electrodes are used the back emf at tho cathode 
is cancelled by that at thé anode ; the net back emf is zero. 


Work has, therefore, to be done in electrolysing a solution 
which produces a back emf. The power spent in the decom- 
position is given by the product of the back emf and the 
current. An applied p.d. smaller than the back emf will not 
produce electrolysis. For the continuous electrolysis of water 
between inert electrodes a p.d. higher than I volt is necessary. 


Ohm’s law, as applied to an electrolyte in which back emf 
appears, has then to be written as 


E =constant = R 


where R is the resistance of the electrolytic cell. 


The resistance of a column of electrolyte changes with 
length and cross section as for metals. But the specific resist- 
ance, which depends on concentration, diminishes with rise of 
temperature. This is mainly due to the lowering of viscosity of 
the liquid with rise in temperature. The lower viscosity makes 
it easier for the ions to flow and hence lowers the resistance. 
Conductivity of an electrolyte increases with concentration. 


61. Charging of Lead Aceumulators, 


We have discussed in Chapter I how a lead accumulator acts 
as a voltaic cell and delivers current. The characteristic feature 
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about it is that when its ability to deliver current is well nigh 
exhausted, it can be re-formed by sending through it a current 
n m prépeis direction. This process is known as charging of 
the cell. 

During discharge the electrodes are gradually converted into 
lead sulphate. In charging, a current is sent through the cell 
from the positive pole to the negative pole by means of an exter- 
nal agency. The electrolyte being dilute sulphuric acid, oxygen 
is liberated at the positive electrode and hydrogen at the nega- 
tive. At the positive, we have 


2PbSO, + Og - 2H ,0—2PbO, + 2H 280, ; 


at the negative 
PbSO,+H.=Pb+H.80, 


Thus the positive is reconverted into lead peroxide and the 
negative into metallic lead, while the electrolyte is enriched by 
H.80,, Its density therefore increases. 

Method of charging. Suppose 8 cells, each of emf 1'9 volts 
and resistance ‘03 ohm, are to be charged by a current of 4 amps 
from 9'20-volt mains through connecting wires whose resistance 
is 0'1 ohm. : 

The cells are first connected in series and the positive end 
connected to the positive of the mains. The two ends should not 
be directly connected across the mains, as it would cause an 
enormous current to flow. The 8 cells have an emf of 8X 1[9-15'2 
volts, which opposes the pd. of the mains. The balance, 


teh j | Ferri ae : 


A R R 
sh e ATTERY ANS 
BAT TERY MCLURE ‘ie! 
Fig. 138 (a) Fig. 138 (5) 


290— 1527 204'8 volts, is available for driving current through 
8x'03+.1=0.34 ohm. The current would then be 2018/34— 
602 amperes nearly. Before this value is reached the fuse in 
the circuit will burn out. 

To keep the current to 4 amperes through the cells an addi- 
tional resistance is included in the circuit. Its value R may be 
easily calculated. 


4220-159 


RM whence R=51 ohms nearly. 
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The circuit (Fig. 138) includes an ammeter which indicates 
the current. A rheostat good enough to bear the necessary 
current is also included. The current is adjusted to the required 
value by means of the rheostat (Fig. 1382). Very often carbon 
filament lamps, connected in parallel across the mains (Fig. 
188b), are used to draw the necessary current. 


62. Faraday's Laws and Atomicity of Electricity, 


Faraday's laws, combined with Avogadros hypothesis that 
one gram-atom (as many grams as the atomic weight) of all ele- 
ments contains the same number of atoms, lead immediately to 
the idea that electricity is also atomic in nature (i.¢., it is divided 
into definite elementary portions which behave like atoms of 
electricity). 


We now know that one gram-atom of a substance contains 
6'023 x 10?* atoms and that one faraday, i.e. 96,494 coulombs of 
electricity, deposits one gram-equivalent of the substance. One 
gram-equivalent =One gram-atom divided by valence (v). 

. 6023x10?* ‘ 
em — a Moms (rather, ions) carry 96494 coulombs 


96494 


: j x j 
or 1 ion carries v 6023 x 107° 


20X1601x107!? coulombs 


— y X 4'803 x 1071? o,s.u, 


v can have values 1, 2, 3 ete. Hence the electric charge carried 
by an ion can be integral multiples of the value 4'803 x10719 
e.s.u., This is not only the smallest quantity of charge which 
occurs in nature, but all charges are multiples of this value. It 
is the natural unit of electricity. Direct measurement has shown 
that this is the charge carried by an electron. 


SUMMARY 


Electrolytic conduction differs fundamentally from motallic conduction. 
The current in an electrolyte is carried by two oppositely moving 
streams of oppositely charged ions. Ohm's law as such is not ordinarily 
aoe to an electrolyte ; allowance should be made for the back emf. 
The resistance of an electrolyte diminishes with rise of temperature. 


Faraday's laws of electrolysis stato that 


(i), Tho mass of an ion liberated by electrolysis is proportional to the 
quantity of electricity that passes through the electrolyte. 


(ii) When the same quantity of electricity passes through different 
electrolytes, the masses of the various substances liberated are propor- 
tional to their chemical equivalenta. 


1 A 
M=ZIt=s+ > It. 
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Z, the electro-chemical equivalent (E.C.E.) of a substance, is the mass 
in grams liberated by the passage of one coulomb of electricity through 
an electrolyte. 

F, the faraday, isthe charge in coulombs which deposits one gram- 
equivalent of any substance by electrolysis. 

Chemical equivalent (C.E.)=Atomie weight + valence. Gram-equiva- 
lentas many grams as the chemical equivalent. E.C.E. ofa substance 
— its C.E x E.C.E of hydrogen (nearly). 

A voltameter may be used to measure a current, & charge or to find 
the E.C.E. of a substance. 

Electrolysis is applied in electroplating, clectrotyping, extraction and 
refining of metals, preparation of chemicals etc. 

Faraday’s laws combined with Avogadro's hypothesis lead to the idea 
of atomicity of electricity. 


EXERCISES 


1. Explain the terms electrolyte, anion, cation and electrolysis. 
How does electrolytic conduction differ from metallic conduction ? 
2. Describe the action that takes place when 
(a) Dilute H,SO, is electrolysed between platinum electrodes ; 
(b) Copper sulphate is electrolysed between copper electrodes ; 
(c) Sodium chloride is electrolysed between carbon electrodes. 
3. State Faraday's laws of electrolysis. How would you verify them ? 
4, Define the terms electrochemical equivalent, chemical equivalent 
and gram-equivalent. 
How can you show from Faraday’s laws of electrolysis that it requires 
the same charge to deposit one gram-equivalent of any substance ? 
5. What is a voltameter? How can you moasure à current by à 
voltameter or find the E.C.E. of a substance 1 
6. Mention some applications of electrolysis. How is a lead accumu- 
lator charged? What are the chemical reactions in it at charge and 
discharge ? 
*7. How does Faraday's law of electrolysis combined with Avogadro’s 
hypothesis lead to the idea of atomicity of electricity ? 


8. A water voltameter and a copper voltameter are connected in 
series and 10,000 coulombs passed through. How much hydrogen is 
liberated ? How much copper will be deposited ? (E.C.E. of hydrogen 
-105x10-5 gm per coulomb ; atomic weight of copper=63'9 ; valence 
of copper=2) [Ans : 0'105 gm ; 3:294 gm] 

9. A current is sent for 30 minutes through (a) a solution of HCl 
and (b) a solution of Cu,Cl, in serios, The mass of hydrogen liberated 
is 063 gm. Find the mass of copper deposited. (Take necessary data 
from Q. 8.) [Ans : 3:952 gm] 
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10. A current was sent for half an hour through atangent galvano- 
meter producing a deflection of 30^ and also through a copper volta- 
meter, If 0'4 gm of copper is deposited, what is the reduction factor of 
the galvanometer ? [Ans : 1:169 amp.] 

ll. How much zine will be consumed in a battery the current from 
which deposits 60 gm. of silver in a voltameter ? [Ans:18 gm (nearly)] 


12. In silver-plating a disc 0*1 amp. was allowed to pass for 2 hrs. 
What is the thickness of the silver if the area of the disc is 150 em? ? 
Density of silver=10°5 gm/e.c, [Ans : 6'1 x 107* em] 

13. In a copper-plating bath the p.d. applied was 3 volts. How 


much does it cost to deposit 500 gm of copper if the price of electrical 
energy is 25 paise per kilowatt-hour. 


[Hint : Calculate the charge transferred. Charge in coulombs x volts 
=joules ; 3600 joules=1 watt-hour. Ans : 31 paise nearlyl 


: CHAPTER VIII 
ECTROMAGNETIC INDUCTION 
63. Faraday's Discovery, 


Since Oersted's discovery in 1820 that a current always pro- 
duces a magnetic field, physicists had been enquiring whether a. 
magnetic field could produce a current. In 1830, Joseph Henry, 
an American physicist, discovered current circulating in a coil 
around the keeper of one of his electromagnets when current was 
started or stopped in the coils of the magnet itself. But he did 
not publish his observation. 

In 1831, Faraday made the discovery that current was pro- 
duced in a coil of wire wound on an iron core when and only 
when another current was started or stopped in another coil on 
the same core. He promptly published the result, and by a series. 
of simple and well-designed experiments clarified the pheno- 
menon which came to be known as electromagnetic induction. 

The importance of this discovery on the development of 
modern industries and on the social life in which we find our- 
selves, cannot be overestimated. The electric generators which 
produce electrical energy and the transformers which efficiently 
transmit this energy across long distances, are direct applica- 
tions ef Faraday’s discovery of electromagnetic induction. 


64. Experiments on Induced Currents, 


A. Currents induced by magnets. If the north pole (N) of a. 
magnet is moved towards a coil (C) of wire containing a galvano- 


Fig. 139(a) Fig. 139(b) 


meter (G ; Fig. 189), a current is found to pass through the coil 
in the direction indicated in the figure by the arrow on 0. For 


442 CURRENT ELECTRICITY 


@ successful experiment the coil should have many turns of fine 
insulated wire, the galvanometer sensitive and the magnet strong. 
The direction of current flow in the coil may be ascertained by 
sending a current through it in a known direction and observing 
the direction in which the galvanometer is deflected. 


The same thing takes place if the coil is moved towards the 
magnet. As soon as the relative motion between the magnet and 
the coil ceases, the current also ceases, The faster this relative 
motion, the larger is the deflection of the galvanometer and hence 
larger the current. If the pole strength is increased by taking 
two magnets, the deflection increases forthe same relative motion. 


When the north pole recedes from the coil, current is induced 
as before in the coil, but flows in the opposite direction. For the 
south pole, the behaviour is opposite to that of the north pole. 

The results are summarised in the table below. The diroction 
of the current given in the table is as would be seen by looking 
at the coil from the side of the magnet. 


Movement Direction of Current 
North pole approaching Anticlockwise 
ay » receding Clock wise 
South pole approaching Clockwise 
» $» receding Antielockwise 


The following conclusions may be drawn from the 
experiments : 
(i) The presence of the current in the coil implies the eaistence 
of an emf acting round the coil. 


(it) This induced emf is present only when there is relative 
motion between the magnet and the coil, i.e., while the 
magnetic field within the coil is changing with time. 


(iit) The emf increases when this change is quicker. 


The induction of an emf round a circuit when a change 
occurs in the magnetic field embraced by the circuit, is called 
electromagnetic induction. Even if the circuit is not closed, the 
emf will still act round it, but fail to drive a current. When 
the circuit is closed the emf drives a current, which is known as 
induced current. The emf is knowu as induced emf, 


When the induced current flows through the coil it behaves 
as a magnet. From the direction of current flows as given in 
the table we find that the polarity of the coil due to the induced 
current is such as to oppose the relative motion between the 
magnet and coil. This observation may be expressed in the 
following form : 
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The direction of the induced emf is always such that, if it 
could produce a current, the magnetic action of the current would 


Fig. 140(a) Fig. 140(b) 
tend to resist the change by which it was produced. This state- 
ment is known as Lenz’s law and was discovered by Emil Lenz, 
a Russian physicist. in 1834 (also see § 65). 

B. Currents induced by currents. (i) Moving coil. Ifthe 
magnet of the previous experiment be replaced by a solenoid 
(Fig. 140), a relative motion between the solenoid (P) and the 
coil (S) produces an induced emf. The solenoid is equivalent to 
a bar magnet and the effects 
are the same as in the case of 
' a magnet. Induced current is 
stronger when the solenoid has 
an iron core. 

The direction of the in- 
duced current can be found 
by applying Lenz’s law and 
remembering that currents 
flowing in the same sense 
round two coils attract each 
Fig. 141 other, while those of opposite 

sense produce repulsion. 


(ii) Stationary coil. Another experiment demonstrating in- 
duction by currents is illustrated in Fig. 141. The circuits, P 
and S, are placed side by side. P, called the primary circuit, 
contains a battery, & rheostat and a key. S, the secondary 
circuit, consists of many turns of fine insulated wire and 
contains a sensitive galvanometer. 

It is found that a momentary current flows through S when- 
ever the current in P is started, stopped, increased or decreased. 
The induced current falls *to zero as soon as the change in P 


is over. 
The induced current is opposite in direction to the primary 
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current when the latter is started or increased, and in the same 
direction as the primary when the latter is stopped or diminished. 


In this experiment also, note that the emf is induced only 
-during the time that the magnetic field within S is changing. 

C. Factor affecting the magnitude of the induced emf. 
‘From observations on electromagnetic induction, the effect of 
various factors on the magnitude of the induced emf may be 
enumerated as follows : 

(i) Effect of inducing pole strength. When the inducing 
pole is stronger, the induced emf is larger. 

(ii) Effect of inducing current. The induced emf increases in 
proportion to the strength of the inducing current. 

(ii) Effect of distance. Proximity of the inducing agent to 
the secondary circuit increases the induced emf. 


(iv) Effect of the area and number of turns of the secondary 
circuit. The larger these values are, the stronger is the induced 


emf. 
(v) Effect of rapidity of change. The quicker the change, 
ithe greater is the emf. 


(vi) Effect of medium. The induced emf is proportional to 
‘the permeability of the medium* surrounding the secondary. 

(nti) Effect of orientation of coil. The induced emf is 
maximum when the secondary coil is placed with its plane per- 
pendicular to the lines of induction and zero when the two are 
parallel 

D. Magnetic Flux, The effects of magnetic induction and 
the two factors, area of the coil and its orientation, may be ex- 
pressed in terms of a single concept, that of magnetic flux, which 
is defined as the product of an area and the component of mag- 
netic induction normal to the area. In symbols, the flux N 
through an area A is 


N= u HA cos 0 = BA cos 0 
where 0 is the angle between B and normal to the area. 


*Consider & coil in- vacuum under inductive action of a magnetic 
pole. The fielddueto it at the coil is H-m[r?, As r changes, H also 
changos and produces induction, Suppose that the pole and the coil are 
immersed in a medium, say a solution of ferric chloride, The field at 
the coil is now H*m/ur*. Assuming the pole to be given the same 
motion as bofore we would expect the emf to be reduced by a factor 
nif it depended on H. Experiments show that the emf is not altered in 
this case. The induced emf therefore depends not on H, but on pH. Tho 
product ues B is called magnetic fluz density or magnetic induction (vide 
arts, 50 and 61, MAGNETISM). 


Induction by a current also leads to tho samo conclusion. The field H 
produced by a current ia independent of the medium. Henco wo should 
expect the induced emf to be unaffected by the medium uem | the 
secondary, if the induced emf depended on H. But in fact we the 
emf to increase in proportion to p of the surrounding medium, $.e., it is 
proportional not to H, but to aH, the magnetic flux density or induction. 
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Just as H is represented in magnitude and direction by lines 
of force ($ 49, MAGNETISM), B is represented by lines of flux or 
lines of induction (§ 51, MAGNETISM). The number of lines of 
flux per square centimetre passing normally through an area is 
equal to Band is called the magnetic flux density. Since B= 
uH, there are u times as many lines of flux through a given 
region as there are lines of force. 

The unit of magnetic flux is the mawwell, while the unit 
of flux density is the gauss. A gauss is 1 maxwell per sq. cm. 


65. Magnitude and Direction of the Induced EMF. 


From experiments of the nature that we have described, 
Faraday concluded that 

(i) Whenever there is à change in magnetic flux passing 
through a coil, there is an emf induced in the coil. 

(ii) The magnitude of the induced emf is proportional to the 
rate of change of magnetic flua through the coil. 

(iii) The induced emf is also proportional to the number of 
turns of wire in the coil. 

Tf the flux through each turn ofa coil of » turns changes 
from N; to Na intime £, then the average emf induced during 
the period ¢ is given by 

e= Qn ND (65.1) 

Direction of induced emf. The direction of the induced emf 
is given by Lenz's law (§ 64A). Theapplieation of the law may 
seem a little obscure when induction occurs under the action of 
a varying current between stationary coils. In such cases an in- 
creasing current may be looked upon as an approach of a similar 
current closer to the secondary coil, and a decrease of current 
as a recession. 

The law as formulated below may easily be applied to all 
cases. 

The direction of the induced emf is such that the induced 
current, if any, tends to keep the initial magnetic flux through 
the secondary circuit unaltered. 


In applying this rule let us refer to Fig. 141. Let the current 
in the primary circuit P be established. This will senda flux 
through the secondary S as shown. Initially there was no flux 
through the secondary ; but finally there is a flux through it 
from right to left. The induced current tends to keep the 
jnitial flux unaltered. Hence it will send a flux through S 
in opposition to that sent by the primary, i.e., from left to right. 
The current through S willappear to flow anti-clockwise when 
viewed from the side remote from P. This is opposite to the 
direction of the primary current. 

Tf the current in P is stopped, the flux through S vanishes. 
The induced current tends to oppose the change of flux and 
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itself sends a flux through the secondary in the same direction 
as the initial flux. Hence the current through S is now like 
that in the primary. 

The cases of increase or decrease of current in P may be 
similarly treated. 


Lenz’s Law and the Principle of Conservation of Energy. 
It may be shown that Lenz's law follows from the principle of 
conservation of energy. If possible, let the direction of the 
induced current be opposite to what follows from Lenz’s law. 
Then, when the north pole of a magnet is given asmall dis- 
placement towards a closed coil, the induced current would 
attract the north pole instead of repelling it. This attraction 
would make the one move towards the other with acceleration 
and lead to stronger and stronger induced currents. The 
energy of motion or of the induced current is derived without 
an equal amount of work being done anywhere, which, according 
to the principle of conservation of energy, is impossible. 


When induction is due to relative motion, the agent which 
causes the motion does an extra amount of work against the 
repulsion or the attraction. This provides the energy of the in- 
duced current. When the induction is due to a change of current 
ina stationary coil, extra work is done by the source of emf in 
the primary circuit. 


66. E.M.F. induced in a Conductor moving in a Magnetic field. 


When a conductor is moved about in à magnetic field an 
emf is induced. between its terminals. To demonstrate it the 
ends of a metal rod AB may be connected by'means of flexible 


Fig. 142 Fig. 143 


wire to a sensitive galvanometer (Fig. 142). If the rod is moved 
about a near pole of an electromagnet, induced currents will be 
found to flow through the galvanometer. 
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A simple explanation of the phenomenon may be provided 
as follows. Consider the conductor AB (Fig. 143) on the plane 
of the paper having been placed in a magnetic field perpendicular 
to that plane and directed towards the reader. Suppose AB is 
being moved towards the left. A free electrom in it moving to 
the left is equivalent to a small positive current moving to the 
right. This current, i.e, the moving electron, having been 
placed in a magnetic field, experiences a mechanical force whose 
direction, given by Fleming's left-hand rule is shown in Fig. 
143(b) Hence, the electrons, being free to move, crowd towards 
the end B of the conductor. This leaves the end A with an 
excess of positive charge. This is equivalent to an emf acting 
from B to A. The positively charged metallic ions in AB, 
experience opposite forces for the same reason. But since they 
are not free to move, they do not contribute to the emf. 

Direction of the induced emf. The direction of the emf 
induced in a conductor when it moves in a magnetic field is 
given by Fleming’s right-hand rule, 
which may be stated as follows 
(Fig. 144) : 

If the thumb, fore-finger and 
middle finger of the right hand are 
spread out so that they point in 
three directions at right angles to 
one onother, the Fore-finger giving 
the direction of the magnetic Field, 
the thuMb indicating the Motion 
of the conductor, then the mIddle 
finger will indicate the direction 
of the Induced emf. Fig. 144 

The magnitude of the induced emf in electromagnetic units 
is equal to the rate at which the conductor cuts the lines of 
magnetic induction. The emf in volts will be this value divided 
by 10°, 

The emf which is induced in a closed loop of wire when it 
moves as a whole in a magnetic field, may be looked upon as 
the sum of the emf’s induced in the different parts of the loop 
according to their respective velocities and directions of motion. 

The action of a dynamo (see Chap. IX) may be understood 
on the basis of the emf induced in a conductor as it moves in 
a magnetic field. 


67. Eddy Currents. 

When the magnetic flux through a stationary mass of metal 
changes, or the metal is moved about in magnetic field, currents 
are induced in it. Such currents are called eddy or Foucault 
currents. They may acquire large values since they flow in 
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closed paths of very small resistance round the lines of induc- 
tion (Fig. 145). The direction of flow may be obtained by 
applying Lenz’s law ; it is always such as to oppose the change 
of flux through the metal. 


ma 


Fig. 145 


The iron core in the armature of a dynamo or motor moves 
in a magnetic field. In a transformer the magnetic flux through 
the iron core constantly changes. Ifthe core were a single 
massive piece of iron, the eddy currents in it would have high 
values and produce much heating of the core. This is harmful 
to the performance of the machine. 


The effect of eddy currents in armatures is minimised by 
laminating the iron core, 7.e., by constructing them of iron sheets 


Fig. 146 


(or laminae) with the laminations perpendicular to the direction 
of the induced emf. The sheets are insulated from each other 
by a coating of shellac. The insulation is thus transverse to the 
direction in which the eddy currents tend to flow. 


The phenomenon may be elegantly demonstrated by suspend- 
ing a metal disc (say, of copper) by a long thread above a 
horseshoe magnet mounted on rotator (Fig. 146). When the 
magnet rotates, eddy currents are induced in the disc. In accord- 
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ance with Lenz's law they oppose the relative motion between 
the disc and the magnet. As a result, the disc, which is free to 
rotate, follows the: motion of the magnet. 

E The action of eddy current is utilised for useful purposes 
in the induction motor and watt-hour meters. In induction 
furnaces, eddy currents are used for melting metals by the heat 
they produce. 


68. Mutual Induction and Self-induction. 


A. Mutual Induction. A circuit carrying a current produces 

a magnetic field around it. If there is another circuit in the 

neighbourhood, part of the magnetic 
flux due to the first will pass through 

the second (Figs. 141 and 147). It — V" ((( (} MO 
now the current in the first circuit 

^ E 


is altered in any way, the flux 
through the second changes and 


induces an emfin it. The pheno- | 
menon of induction of an emf in a B 
circuit (called the secondary) due to Fig. 147 


a change in the current through 
another (called the primary) is known as mutual induction. This 
phenomenon has already been described in connection with 


Fig. 141. 


The magnitude of the induced emf depends on (i) the rate 
of change of current in the first coil, (ii) the number of turns 
of wire in each coil, (iii) the geometry of the coils and (iv) the 
permeability of the medium inside the second coil. The magnetic 
flum linked with one circuit due to unit current in the other, or 
the emf induced in one when the current in the other changes 
at the rate of one unit per second, is called the mutual induc. 
tance or the co-efficient of mutual induction of the two coils. 
In this definition the two circuits are interchangeable, i.e., & 
given current in any one of them links the same flux with the 
other, or a given rate of change of current in any one of them 
produces the same emf in the other. Mutual inductance is 
measured in henries.* Two coils have a mutual inductance of 
one henry if a rate of change of current of one ampere per 
second in one produces an emf of one volt in the other. 


The transformer, which is one of the most important devices 
in applied electricity» depends for its action on mutual induction. 


——— 
*In honour of J. Henry (1797-1878), the American physicist, who was 
considered the foremost American physicist of his time. He was an able 
scientific administrator, the first secretary of the Smithsonian Institution 
in Washington, and the second president of the National Academy of 
Sciences which he organised. Henry inaugurated the ides of distributing 
scientific publications to libraries and scientific bodies all over the world. 
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B. Self-induction, When a steady emf is applied to a 
cireuit, the current in it takes some time to grow to its full value, 
As soon as the current starts, a magnetic field is established, the 
lines of induction due to which are all linked up with the circuit, 
As the current changes, the magnetic flux linked with the circuit 
due to its own magnetic field also changes and induces'an emf 
round the cireuit which opposes the applied emf. When the 
current in the circuit diminishes or is broken, an emí is induced 
forthe same reason ; but by Lenz's law it is now in the same 
direction as the emf which was driving the current. This 
phenomenon of the induction of an emf ina circuit due to a 
mle in the value of the current in the circuit itself, is known 
as Self-induction, 

The emf induced when the current in the circuit changes at 
the rate of one unit per second is called the self-inductance or 
the co-efficient of selfinduetion of the circuit. Self-inductance 
may also be defined as the flux linked with the circuit due to 


unit current init. Like mutual inductance it is measured in 
henries. 


The self-inductance of a coil depends on (i) the number of 
turns in the coil (ii) its diameter and (iii) the permeability of 
the medium inside the coil. Introduction of iron inside the coil 


i 


Lil] 


Fig. 148 


Fig. 149 
highly increases its self-inductance. The self-induced emf is 


the product of the self-inductance an 


d the rate of change of 
current. 


Self-induction may be demonstrated with 110 volt neon 
lamp, à self-induetor (L)of several henries (i.e, coil witha 
self-inductance of several henries ; it will have an iron core and 
many turns of wire round the core) and a 4-volt battery. They 
are connected as shown in Fig. 148. When the bat tery is switch- 
ed on, the applied emf is not enough to make the lamp glow. 
When it is switched off, the induced emf inthe coil sends & 
momentary discharge through the lamp, which flashes. 


Oe a 
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The glow of an incandescent electric lamp fed by alternating 
current may be controlled by a coil in which an iron core may 
be partly or fully introduced (Fig. 149). The arrangement is 
called a variable choke or choking coil. As the core is introduced 
more and more into the coil, self-inductance increases and so 
does the opposing emf. Hence the current through the lamp 
diminishes. 

69, The Induction Coil or the Rahmkorff Coil. 


The induction coil, often called the Ruhmkorf coil, is a devioe 
for converting a relatively strong interrupted direct current at 
low voltage toa weak alternating (but not sinusoidal) current at 
high voltage. Its essential parts are as follows : 

(i) The primary coil, P, (Fig. 160) consists of a few turns of 
thick insulated copper wire wound on an iron core J. C. Current 
from a battery B (of about 6 volts) passes through it. 

(ii) The secondary coil S, is wound on an ebonite or bake- 
lite tube surrounding the primary and consists of a large number 
of turns of the insulated copper wire. 


Fig. 150 


There are generally several layers, each insulated from the 
other. The terminals of the secondary are connected to spark 
gap whose length can be altered. ; 
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(iii) The iron core on which the primary is wound consists 
of a number of soft iron wires or laminae, each insulated from 
the other. This construction of the core minimises the heating 
produced by currents induced in it. 


(iv) The interrupter, HA, makes and breaks the primary 
current very rapidly. The current from the battery flows through 
the upright D and the contact at A into the primary. His 
apiece of soft iron carried at the end of a springy strip which 
also carries A, and lies opposite one end of the iron core. As 
soon as the current flows through the primary, the iron core 1$ 
magnetised and attracts H, the soft iron hammer. This breaks 
the platinum contact between the point A and the adjustable 
screw D. Thus the current stops, whereon the core ceases to 
bea magnet. Tt releases H which flies off, establishes contact 
between Aand D, and thus re-establishes the current. This 
make and break goes on continuously until the battery is swit- 
ched off. The action of the interrupter is like that of the 
electric bell. 


(v) The condenser. Q, is connected across the gap between 
Aand D. When the primary current breaks at A, a spark 
ordinarily passes across the gap (due to self-induction). When 
the condenser is there, the charge, instead of flowing across the 
gap, is stored in the condenser, This reduces the wear due to 
sparking at the contact A. 


The condenser also serves another purpose. When the 
primary circuit is broken the charge stored in the condenser 
sends a reverse current through the primary coil and increases 
further the change of flux at break. 


The condenser usually consists of sheets of tin foil, the 
dielectric being paper. Alternate sheets of the foil are connected 
together. The condenser is concealed in the base of the 
apparatus. A simplified diagrammatic representation of the coil 
is given in Fig. 160(b) 


Action. The action depends on mutual induction between 
the primary and the secondary. When the primary current 
passes, a large magnetic flux is established in the iron core. 
This being linked with the secondary, am induced inverse emf 
is developed in the secondary. The value is high because the 
flux is large and the secendary has many turns. When the 
primary is broken, an induced direct emf is developed in the 
secondary. So long as the primary current is made and broken 
induced currents in opposite directions circulate in the secondary 
(if it is closed or the spark gap is small enough to allow the emf 
to send a discharge across it). 
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The relation between the primary current and the emf in the secon- 
dary is shown in Fig. 151. e emf at break is higher than the emf at 


make, because the cur. ' * 4 A 
rent decays more rapidly | J ; - 
than it grows. The change 4 | ! ZTA ' 
of flux is thus quicker at x U g 


‘PRIMARY 
CURRENT 


break and hence the emf 
is higher. Note that the 
emf's at make and break 


are in opposite directions" = 

Where high voltages are Ei 

essential, the useful se- Ei i 3 i ari 
condary emf is that at «w (NAKE) (BREAK) (MAKE) (BREAK) TIME 


break. In such cases the 
emf is unidirectional, 
since the . relatively 
smaller emf at make serves no useful purpose. The action of the con- 
denser helps to increase further the emf at break. 

Applications. The most important practical application of 
the induction coil is for ignition in gas engines. To make @ 
spark jump across the terminals of the spark plug several thousand 
volts are necessary. This is supplied by an induction coil. The 
primary may be fed by a battery or a dynamo with a permanent 
magnet. The latter arrangement is known as & magneto, In it 
the primary and the secondary are both wound on the armature. 
The primary current is broken at the instant when it is greatest. 

Induction coils are also used in running X-ray tubes, gas dis- 
charge tubes and for setting up electric waves in radiotelegraphy. 

#70, Transformers. 


One of the most important electrical contrivances is the trans- 
former. It is used in telephones, radio receivers and trans- 
mitters, television sets etc. Economie transmission of electrical 
energy over long distances has been made possible by the trans- 
former. In view of its importance it is worth while to consider, 
in an elementary way, the principle on which it works. 

A transformer is an electrical device by which electrical] 
energy may be transferred from one circuit to another with a 
change of voltage. Tt consists essentially of two coils, a primary 
and a secondary, which are quite separate from each. other and 
wound upon & laminated and closed iron core. It is used with 
alternating (or varying) currents, and does not work with steady 
currents. An alternating (or varying) p.d. is applied to the 
primary. The resulting current produces 8 varying magnetisa- 
tion of the iron core. The flux linked with the primary also 
passes through the turns of the secondary (Note that all the 
lines of magnetic induction are practically confined within the 
iron.) Since the flux is linked with the secondary changes, an 


Fig. 151 
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alternating emf is induced between the terminals of the seeon- 
dary. In the ideal transformer (i.¢., one in which no energy loss 
occurs and both coils embrace exactly the same flux), it may be 
shown that 


Secondary terminal voltage _ Number of-turns in secondary: 
Primary applied voltage Number of turns in primary 


Thus if the secondary has 10 times as many turns as the 
primary, the secondary voltage will be 10 «times the primary 
voltage. 


Further, when it is assumed that there is no energy loss in 
the transformer, we have 


energy input: = energy output 
or power input = power output 
or primary current primary voltage 
=secondary current X secondary voltage 
Current in secondary | number of turns in primary 
Ourrent in primary number of turns in secondary 
Transformers are used in two ways, viz.: (i) as a step-up 
transformer for raising the voltage and (ii) as a step-down trans- 
former for lowering the voltage. In the step-up transformer 
(Fig. 152a), the secondaryhas more turns than the primary, wbile 
the reverse holds for the step-down transformer (Fig. 152b). The 


TEP - ue STEP-DOWN 
Fig. 152(a) Fig. 152(b) 


current in the secondary of the step-up transformer is smaller 
than that in the primary, but larger in the case of the step-down 
transformer. 

It may be noted that the induction coil is a step-up trans- 
former. But there is the difference that while the iron core forms 
a closed magnetic circuit in the ordinary transformer, it does not 
do so ìn the induction coil. The latter is an open-core, step-up 
transformer. Further, the change of flux in the induction coil is 
brought about by mechanical means. 


tial part of his apparatus is still used 


. centre holds the disc in place. The 


pole pieces so magnetised that even a 
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71, Telephone. 

Electromagnetic induction made it possible to transmit the 
sound of human voice oyer long distances by electrical means. 
"The telephone was invented by Alex- 
ander Graham Bell in 1876. The essen- 


and is known as the Bell receiver (Fig. 
153). It contains within the case a 
U-shaped permanent steel magnet L 
with soft iron pole pieces. Round each 
pole piece (P) of the magnet a coil of 
very fine insulated wire is wound. The 
two coils are in series and have their 
free ends attached to the terminals 7. 
A disc D of thin sheet iron is so sup- 
ported that its centre is close to the 
pole tips, but does not touch them. A 
Bhard-rubber cap M with a hole in the 


permanent magnet keeps the soft iron 


small current in the coils produces a Fig. 153 
large change in their magnetisation. 5 

To demonstrate the transmission of speech, two such instru- 
ments may be installed at a distance and connected by two wires 
When sound waves fallon the diaphragm of the instrument 
spoken into, called the transmitter, it vibrates in accordance with 
the pressure variations of the air. The vibrations of the dia- 
phragm alter the magnetic flux through the eoils and induce cur- 
rents in them. The induced currents vary in magnitude accord- 
ing to the pressure variations of the sound wave and are trans- 
mitted to the receiving end. The varying current through the 
coils of the instrument at the receiving end, called the recetver, 
alters the magnetisation of the pole pieces. They thus exert 
varying pulls on the diaphragm of the receiver and cause it to 
vibrate, These vibrations are reproductions 
of the vibrations of the first diaphragm. 
They set the air vibrating in the same 
way as was done by the original sound 
and thus reproduce the sound. 

The above arrangement does not 
require a battery and is serviceable for 
short distances only. Both the receiver 
and the transmitter have the same cons-, 
truction. 

In modern practice the Bell telephone 
is used only as a receiver. Fig. 154 shows 
Fig. 154 the construction of one of the present type 


of instruments. D is the diaphragm, C the coils, P the pole pieces 
of soft iron snd M the permanent magnet which is of cobalt-steel. 
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The Carbon Microphone. The modern telephone transmitter 
(Fig. 155) is a carefully designed carbon microphone. It contains 
Ü a little box filled with gra- 
/ nules of carbon (C). The 
front and back of the box 
(B.B) are polished carbon 
plates. The front carbon is 
&ttachedto the centre of the 
diaphragm D and moves in 
and out a little when the 
diaphragm vibrates, Tho 
other plate is’rigidly fixed 
to the case. The carbon 
plates are connected to two 
terminals'T,, T'a). Current 
from a battery flows from 
: one plate to the other 
Fig. 155 through the granules. 


The action of the carbon microphone depends on the fact 
that the electrical resistance of pieces of carbon in contact 
decreases when the pressure increases, and vice versa. 

Thus as tbe diaphragm vibrates, the carbon plate attached 
io itis pushed in and out. "This alters the resistance of the 


(f 
D 
r innmium G 


ihlt---- 


Fig. 156 (a) 


carbon granules and hence the current in the battery circuit. 
This varying current alters the magnetisation of the magnet in 
the receiver at the other end and makes the diaphragm of the 
latter vibrate, reproducing the original sound. Fig. 156(a) demon- 
strates the simplest connection for the transmission of speech 
using a carbon microphone transmitter, battery and receiver 
in series. 


Fig. 156(b) 


For work at longer distances, two transformers may be used, 
one at each end. At the transmitting end the battery current 
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passes through the primary of the transformer, which is a step- 
up one. That at the other end is a step-down transformer, the 
primary of which is acted on by the varying secondary current 
of the first transformer. ‘The secondary of the step-down trans- 
former actuates the diaphragm of the receiver. [Fig. 156(b)) 


PRIMAR 


Fig. 156(c) 


We have discussed above the principle on which the tele- 
phone works. Modern telephone equipment is wonderfully 
complex. Discussion of technical details is beyond the scope of 


this book. 


To give the reader an 
other over the telephone 
system, which is used in sma! 
exchanges there is one central 
all the linos that happen to be busy at any particular moment. 


In tho local battery system each telephone set contains à few dry 
cells connected in series with the transmitter (Fig. 1500). The varying 
speech current feeds the primary of a small step-up transformer, the 
secondary of which is in series with the line. This reduces the line 
losses. Tho call bell is actuated by the alternating current supplied by à 


hand operated mag:.o10- 


Ra 


Th Te 
Fig. 156(d) 


Whon the receiver is on the hook-switeh each station is ready to hear 
the call boll rung from the other section. When the receiver is taken off 
the hook. both the transmitter and.receiver circuits are closed. The 
ersons can now communicate with each other. Fig. 156(d) shows the 


essence of the arrangement. 
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SUMMARY 
Whenever the magnetic flux linked with a circuit changes,an emf is 
induced in it. The phenomenon is known as electromagnetic induction. 
The emf acts during tho time that the change of flux occurs. If the flux 
does not change, thore is noemf. The magnitude of the induced emf is 
proportional to te rate of change of magnetic flux linked with the circuit. 
If the samo flux embraces all the turns, the emf is also proportional to 

the number of turns of wire in the circuit. 
The direction of the induced emf is given by Lenz's law, which states 


The direction of the induced emf is such that ifitcan produce a current 
the magnetic action of the current will tend to resist the change by which it 
és produced. 


The law can also be expressed as follows : 


The direction of the induced emf is such that the induced current, if any, 
tends to keep the magnetic flux through the circuit unaltered, 


When a conductor moves in a magnetic field an emf is induced in it. 
Its magnitude is given by the time rate at which it cuts magnetic flux. 
The direction of the emf is given by Fleming's right-hand rule. 

Eddy currents are currents induced in a mass of metal due to change 
of flux through it. ‘They may be very strong and produce strong 
heating. 

The emf induced in a circuit when the current in a neighbouring 
circuit changes at the rate of one unit per second, is ealled the mutual 
inductance between the two circuits. It is also equal to the flux linked 
with the first circuit due to unit current in the second. 


The emf induced in a circuit when the current in it changes as unit 
tate is the self-inductance of the circuit. It is also equal to the flux 
linked with the circuit due to unit current in it. 


The practical unit of mutual or self-inductance is the henry. It is 
the inductance when a rate of change of current of one ampere per 
Second causes an emf of one volt. 


An inducticn coil converts an interrupted low.voltago direct current 


into an alternating high voltage current. The voltage at break is much 
stronger than that at make. 


A transformer is an electrical device by which electrical energy may 
be transferred from one circuit to another with a change of voltage. It 
consists of two sets of windings on a closed, laminated iron core. Tho 
induction coil is a transformer with an open core. Both make use of 
mutual induction between two coils, which have unequal number of 
turns. 

In telephone transmitters the vibrations of a steel diaphragm sot 
up by the varying air pressure of tho speech waves induce varying cur- 
ronts in à coil round tho pole pieces of a magnot., In the reciever these 


varying currents set up similar vibrations of another steol diaphragm 
which give riso to the same sound waves, 
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2X What is electromagnetic induction? Deser: perimon: 
illustrate the induction of a current nq coil by (i) à pnt. [I] peo a 


current, 


State any law you know that gives the direction of the emf. 
Apply the law to one example each of the cases (4) and ente 


2. State the factors on which the tude of. uctod emf 
depends. Mention also the nature orem cra E - 


e EY Lue aga qr the result that the induced emf depends 

not on the intensity of the magnetic field, but on magnetic 

(or flux density) t 2i =e (e 
Explain what is meant by ‘magnetic flux’ through an aroa, 


4. ‘An emf is induced in a circuit when the magnetic flux through 
it changes’. Illustrate the statement with suitable oxamples, taking one 
case each of a magnet, a moving coil and a stationary coil to bring 
about induction. 


5. From experiments that you describe in connection with Q, 4 find 
qualitatively how the magnitude of the induced emf depends on the rate 
of change of flux. Find also the direction of the induced emf in each 
case that you describe. 


6. Asmall coil is placed at the centre of a large coil with their 
planes (i) parallel, (#7) at right angles to each other. A sensitive galvano- 
meter is connected to the small coil. When a current is established in 
the large coilit is found that for one of the two above-mentioned posi- 
tions of the smaller coil, the galvanometer shows no deflection. State in 
which position this occurs, and explain what you observe in the two 
cases. 


7- The north pole of a magnet is brought near a flat coil (i) 
tho axis of the coil, (i$) along a line in the plane of the coil. diem | 
explain what pappone: What difference does it make if the magnot is 
moved (a) quickly, (b) siowly? What ifthe south pole is nearest 


to the coil ? 

8. ‘Whena conductor movesina magnetic field an emf is induced 
init, How can you explain it? State the law giving the direction of 
the induced emf. What will be the emf when the conductor moves 
parallel to the lines of force ? 

9. What is an eddy current? How would you demonstrate it t 
What inconvenience does it cause in the core of a transformer or the 
armature ofa dynamo or motor! How is its effect minimised t 


10. What do you understand by self and mutual induction? Define 
solf and mutual inductance as also the practical unit in which they are 


measured. 
Describe a simple experiment to demonstrate self-induction. 


1l. Draw a neat diagram of a Ruhmkorff coil and label its parts. 
Describe the action of the principal parts. Mention some use of the coil. 


its condenser play ? Why are the emf’s at mako and break unequal ? 


Which is greater ? Are they in the same direction à 
iron core ‘ominated ? Will the machine act without the interrupter ? 
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13. What is a transformer ? Distinguish between step-up and step- 
down transformers. What is the relation between the emf's and number 
of turns of the primary and secondary of an ideal transformer ? Between 
the currents and the number of türns ? 


14, Draw a neat sketch of a telephone transmitter, label its parts and 
mention the action of each. 


Draw also a simple circuit with a transmitter at one end and a 
receiver at the other. Explain with the help of this circuit how speech 
made at ono end is reporduced at the other. 


CHAPTER IX 


GENERATORS AND MOTORS 
72, Introductory, 


The electric generator js a machine which converts mecha- 
nical energy into electrical energy. It is usually driven by an 
engine or a turbine and is capable of producing an electric current 
in à cireuit connected to it. If the current set up by the 
generator in the external circuit is of an alternating type (i.e., 
if the current traverses the circuit first in one direction and then 
in the other, being reversed many times a second), the generator 
is called an alternator, alternating current generator or a.c. 
generator. If the current delivered to the outside circuit always 
flows in one direction, the generator is called a direct-current 
generator, d.c. generator or continuous current (c.c-) generator. 
There appears to be little uniformity in the use of the word 
dynamo, It may mean a d.c. generator or any generator and 
may also be used as a general name to include both generators 
and motors; but more often it is used to mean a d.c, generator. 


The electric motor is a machine which converts electrical 
energy into mechanical energy. It is a generator in reverse. 
‘When supplied with current from an electrical source, it is able 
to exert a torque upon a shaft and turn wheels and machinery. 
The current supplied to the motor may be direct or alternating. 
In the former case, it is called a d.c. motor ; in the latter, an a.c. 
motor. Motors may be constructed to run both on d.c. and a.c. 

Principle of action of a generator. The action of a generator 
depends on the emf induced in a conductor when it cuts magne- 
tic lines of induction. The magnetic field is provided by magnets . 
which in commercial machines are powerful electromagnets. 
They are called field magnets. The conductors are rotated in the 
field of the magnets and are grouped in what is called the 
armature, In large alternators the armature carrying the con- 
duetors is kept stationary and the field magnets made to rotate. 
To avoid confusion the rotating part of an alternator is called 
the rotor and the stationary part the stator. 

The direction of the induced emf is given by Fleming's right 
hand rule (§ 66). 

Principle of action of a motor, Tho action of a motor depends 
on the force exerted on a conductor carrying a current and placed 
in a magnetic field. The magnetic field is provided by field 
magnets as in the generator. The conductors are also similarly 
arranged on an armature. Current from an external source is 
supplied to these conductors. The force on the conductors 
causes the armature to rotate. 
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The relation between the direction of the current, the field 
and the motion is given by Fleming's left-hand rule (S 82). 
73. The Simple Dynamo. 


A coil of wire, so rotated in a magnetic field as to cause the 
flux through it to change continuously, constitutes a simple 
dynamo. For simplicity we shall 
consider a rectangular coil plac- 
ed in a uniform field (Fig. 167). 
The coil rotates about an axis 
perpendicular to the field and has 
its conduetors 4B and CD para- 
lel to the axis of rotation. 


~ As the coil rotates, AB and 
CD cut across lines of flux. 
Application of Fleming’s right 
hand rule shows that the emf’s 
b Fig. 157 induced in them act in he same 
direction round the coil. The parts BC and DA do not take part 


oy ae induction since they movein planes parallel to the line 
of flux. ; 


When the plane of the coil is perpendicular to the field. the 
conductors AB and CD move parallel to the lines of the field. 
Hence there is no emf induced in them and none round the ooi! 
also (stage 1. Fig. 158). Suppose the coil is rotating counter- 
clockwise. As the coil moves past this position AB moves up- 
wards and CD downwards. The induced emf’s are directed from 
Ato Band from C to D. They add up and make the terminal 
Ta of the coil positive, T4 negative, 

This emf keeps increasing in magnitude (vide below) until 
the plane of the coil is parallel to the field, when the emf is a 


ul 


Wim 
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maximum (stage 2, Fig. 158). As the coil turns further the emf 
diminishes, finally reaching zero again when AB and CD have 
interchanged places ( stage 8, Fig. 168). During the second half 
of the revolution the same effect is produced ; but the emf is in 
the opposite direction, because AB is moving downward and CD 
upward. For this half T'e is negative and 7, positive. 

Thus, as the coil rotates its terminals become alternately 
positive and negative. A terminal is positive for one half of the 
cycle and negative for the next. The p.d. between them is zero 
twice during each cycle, when the coil is 
perpendicular to the field. Its value varies 
from zero to a maximum. 

To apply this emf to an external 
circuit, the ends of the coil are connected 
to two slip-rings (Ry, Ra; Fig. 159) 
mounted on the same shaft which carries 
the coil. The rings are insulated from 
each other. Two carbon brushes (Bi, Bs). 
press against the rings and are provided 
with a terminal each for connection to an 
external circuit. As the coil rotates an 
alternating current flows through the Fig. 159 


external circult. 
VRITION OF EMF WITH TIME. Look at the coil along the axis of rota- 


tion and let the ends A and D be nearest to the observer (Fig. 157). 
Suppose that the conductors aro 
rotating with a uniform linear 
speed v and that the instanta. 
neous position of the coil is A’D’ 
(Fig. 160). This position mak es 
an angle 0 with the initial posi- 
tion AD of no emf. 

Since tho induced emf is equal 
to the rate at which a conductor 
cuts flux, the component of v 
which makos the conductors AB 
and CD move perpendicular to 
the flux is v sin 0 as shown by the vértical arrow drawn from D'. Iftjis 
tho time which the coil takes to move from AD to A'D', its angular 
volocity w=0/t. Honce the emf varies as v sin wt, If tho maximum value 


of the omf is Em, the instantaneous omf is 
e Eg sin wt 
The emf betwoen the terminals T,, T, varies as the sine of an angle 
(seo Fig. 158). Em is the value when ĝ=wt=90° $.*, when the coil is 
parallel to the field. 
The simple dynamo as a d.c. generator. The action of the 


coil described above makes it a simple alternator. To convert it 
Part II—30 
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into a simple d.c. generator merely requires that the slip rings 
be replaced by & split metal tube or commutator as in Fig. 161. 


The purpose of the 
commutator is to reverse 
the connections of the coil 
with respect to the exter- 
nal circuit at the instants 
when the emf reverses in 
the coil. As the coil passes 
through its position per- 
pendicular to the field, 
contact at each brush 
changes from onesector of 
3 the commutator to the 

Fig. 161 other. The direction of the 
emf induced in a conductor moving across a given pole in a given 
direction is fixed. The commutator ensures that such a con- 
ductor is always connected to the same 
brush. This gives a brush the same 
polarity for all positions of the coil. 
Hencethecurrentin the external circuit 
always flows in the same direction. 


Fig. 162 shows the effect of the 
commutator. The upper curve gives 
the variation of p.d. between the 
brushes when they are connected to 


slip rings. The lower curve gives the UME 
. same when the slip rings are replaced 
by properly placed commutators. Fig. 162 


74. D. C. Generator Construction. 


The modern generator which supplies large currents at cons- 
tant potential is a development 
of the simple d.c. dynamo 
sketched in § 73. It consists of 
Stationary field magnets and a 
rotating armature, which has a 
number of coils, together with 
a multisegment commutator 
and brushes. 


The field is provided by 
strong electromagnets which 
may have two or more pairs of 
poles. The path of the flux in 
a four-pole machine is shown in 
Fig. 168 by the dotted lines. 
The field magnets are excited 
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by the current from the machine itself. The field windings may 
be in series, in parallel, or partly in series and partly in parallel 
with the armature coils. The residual magnetism which the 
poles have, is enough to start the machine. 


[oct cm a me a 
ALT ee 


Fig. 164 


. The modern drum-armature (Fig. 164) has a drum-shaped 
iron core. The conductors in which the emf is induced are laid 
in slots parallel to the axis along the cylindrical surface, each 


conductor being joined to 
another nearly opposite it 
by an end connection. 

The iron core of the 
armature increases the 
strength of the magnetic 
field in the gap in which 
the conductors rotate. 
Since the core moves in a 
magnetic field eddy cur- 
rents are induced in it and 
tend to move parallel to 
the shaft (Fig. 165). To re- 
duce the eddy currents the 
armature core is built up 
of a number of thin iron discs insated from one another and 
bolted together (Fig. 164). 

The commutator (Figs. 166, a and b) consists of strips of 
copper insulated from the shaft about which it is built in the 
form of a cylinder. Each conductor (armature) bar is connected 


uca 


nsualor kx 


Fig. 168(a) Fig. 160(5) 
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to a commutator. The connection is too complicated to be dis- 
cussed here ; but it is such that there are either two paths in 
parallel in the armature (single wave winding) or as many: paths 
a8 there are field poles (single lap winding). 


The action of the armature bars is equivalent to a mixed 
grouping of cells. Along any of the paths from one brush to 
another the emf's induced in the bars act in the same direction 
and are added in series (Fig. 167). The presence of more than 


d, 


Fig. 107 Fig. 108 


one such path in parallel reduces the internal resistance of the 
generator, 


The effect of increasing the number of armature bars with 
proper commutation is represented in Fig. 168. For one pair of 
bars the emf varies as in (a), With two pairs, 46, two coils, 
placed at angular distances of 90? on the armature, the emf 
varies as in (b). With a larger number of bars placed on the 
armature at equal angular distances, the variation of emf reduces 
to a negligible ripple as shown in (d). 

The emf provided by the machine depends on the speed of 
rotation, the length and number of conductors, the strength of 
the field and the number of pole pairs. 


When the generator is not supplying current it draws a small 
energy from the engine which drives it. This is spent in over- 
coming the effects of friction and keeps it running at a constant 
speed, When it sends a current through an external circuit, it 
draws more power from the engine. If Æ is its emf and J the 
current, then the additional power absorbed is ET. 


75. Alternator Construction. 


The modern alternator $s a development of the simple alter- 
nator described in 373, In the large alternators of power plants, 
the field coils rotate while the armature is stationary. The arma- 
ture bars (the conductors in which the emf is induced) are placed 
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in slots along the inner surface of a laminated iron structure 
when the armature is stationary. The projecting poles of the 
rotating field magnets sweep past the armature bars (Fig. 169). 
Fundamentally, the action is the same whether the field or the 


Fig. 169 


armature constitutes the rotor. 
Fig. 170 shows the stationary 
field and rotating armature of a 
four-pole machine. Note that 
the armature bars are so con- 
nected that the emf acts round 
them in the same direction. The 
field coils are supplied by direct 
current from a suitable source. 


The frequency of the alter- 
nating current is given by the 
product of the number of revolu- 
tions of the rotor per second and 
the number of pairs of poles. 
The commercial frequency is 
generally 60 eps. 

The alternator described above has a single alternating emf 
and is called a single-phase machine. In the more usual type 
there are (two or) three alternating emf’s at the same time in 
(two or) three independent sets of coils mounted at equal angular 
distances from each other. Such machines are called two and 
three-phase machines. The latter is the more common. Tt has 
generally three terminals instead of six because the coils are 
interconnected. 
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176. The D. C. Motor. 


The action of a motor depends on the force which a conductor 
carrying a current experiences when placed in a magnetic field. 
If the field is perpendicular to the current a conductor of length 

-l centimetres carrying a current of I electromagnetic units will 
experience a force of HII dynes'in a field of H oersteds. The 
direction of the force is given by Fleming’s left hand rule. 


The construction of the d.c. motor is like that of the d.c. 
dynamo. Its conductors are arranged on a drum armature 
exactly like the conductors of the generator. The magnetic field 
is similarly provided by an electromagnet. When a current is 
passed through the conductors by applying an external emf to 

the brushes, the conductors 

=~ are acted on by mechanical 

s forces, which set the armature 
in rotation. 


Fig. 171 represents diagram- 
matically a transverse section 
through a bi-polar d.c. motor. 
A commutator (not shown) 
keeps the current in the con- 
ductors to the right flowing 
toward the observer and in 
those to the left away from 
him. Conductors to the right 

Fig. 171 are forced upward and those to 
the left downward. The tor- 
ques which these forces exert on the armature are all in the 
same direction and make it rotate counter-clockwise. To reverse 
the direction of rotation either the current through the field coils 
or through the armature must be reversed. The field and the 
armature coils may be connected in series, in parallel or partly 
in series and partly in parallel. In the first case the motor is 
called a series motor, in the second case a shunt motor and a 
compound molor in the third. Series motors are suitable 
for work where a big starting torque is required, such as in 
setting trams and trains in motion from rest. Shunt motors 
run practically at a constant speed whatever the load. They 
are suitable for driving |athes in a workshop. Compound motors 
exert a large starting torque and run at a practica y constant 
speed even when the load is varied, 'They are used in rolling 
mills, hoists etc. d 
ae 


As the armature rotates in a magnetic field an emf is induced 
in its conductors just as in the generator. This emf is in a 
direction opposite to that of the current in the armature, If V is 
the p.d. applied across the terminals of the motor, E the above 
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counter-emf and R the resistance of the armature, then the 
current through the armature is 


_V-E 
me 


Tf the mechanical load on a motor is increased, the machine. 
automatically develops a larger torque by drawing more current. 
The reason is that the load slows down the motor somewhat, and 
this reduces the back emf. The current therefore increases. 

The resistance of the armature is usually low. When the 
motor is just starting there is no back emf. Hence if the full 
supply voltage be applied across the brushes at the start, a heavy 
current will flow and damage the armature windings. This is 
prevented by inserting a resistance in series with the armature 
winding when starting the motor, and gradually cutting it out 
as the speed increases. The device for doing this is called a 
motor starter. 

The starter is not necessary for small motors, which gain 
speed quickly. It is needed for large motors, which take some 
time to get up full speed. 

The regulator or the regulating resistance with which electric 
fans are provided should not be confused with a motor starter. 
Though the regulator consists of a resistance which can be cut 
down gradually, its purpose is to control the voltage applied 
across the brushes of the motor, or in other words, to control the 
current through the motor. As the regulating resistance is 
gradually eut down, the current through the motor increases and 
the motor runs faster. The question of safety is not so important 
here. 
When a current is sent through the armature windings of & 
d.c. dynamo in the same direction in which the emf of the 
dynamo acts, without altering the direction of the field, the 
armature rotates in the opposite direction, the dynamo acting 
ag a motor. Any d.c. dynamo will run as 8 d.c. motor and vice 
versa, Put differences in design of motors and generators and 
in the adjustment of brushes may lead to a loss of efficiency 
when either is used for a purpose for which it is not intended. 


77, A. C. Motors. 
The a c. motor may belong to any one of the following prin- 


cipal types, viz. (i) the synchronous motor, ii) the induction 
motor and (iii) the a c. commutator motor, also called the single- 
phase series motor or the universal motor. 

Synchronous motors The most simple of these to under- 
stand is the synchronous motor. Suppose an alternating current 
was passed through a coil rotating in a uniform megnetic field 
and that the frequency of rotation of the coil adjusted to be the 
same as that of the alternating current. Then on each con- 
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ductor, as it passed under the pole of a magnet, there would be a 
thrust in the direction of rotation, and the coil would rotate as a 
motor. Such a motor is not self-starting and must be separately 
excited with direct current for the field magnets. These motors 
run at a perfectly definite speed to which they have to be brought 
up. In small sizes they are used to drive electric clocks vi in 
large sizes they are used in substations to drive d.c. generators. 

Induction motors. The most common type of small a.c. 
motors is the induction motor, which is run by two- or three-phase 
alternating current. "The effect of the polyphase current and 
multiple field magnets is to provide a "rotating" magnetic field 
without any mechanical motion, The rotor of the induction 
motor consists of an iron core, much like the core of a drum 
armature, with copper bars placed in slots around the circum- 
ference and connected at both ends to copper rings. This is 
called a squirrel-cage rotor. 


The “rotating” magnetic field induces large currents in these 
bars, which magnetise the iron core. The field action on this 
magnet drags it around. The rotor has no electrical connection 
with an outside circuit. Tt spins slower than the field. 


In these motors there are no brushes nor commutators. 
Ordinarily they are used on two-phase or three-phase circuits ; 
but they may also be arranged to function on single phase 
circuits. One of these designs is known as the split-phase 
induction motor. 


The induction motor enjoys a wide field of application. It is 
used for various purposes in shops, factories and electric loco- 
motives. 

Universal motors. Motors which run both on ac. and de, 
are called universal motors. They are similar in construction 
to the series-wound d.e, motor. In them the same current flows 
through the field and the armature. The torque that drives the 
motor is proportional to the Square of the current. For use on 
a.c. the core of the field magnet must be laminated. 


It is rather difficult to construct such motors so that they 
have the same efficiency on a.c. as on d.c. The difficulty tends to 
lessen at high motor speeds. Universal motors up to 1 H.P. are 
available in the market. Their speed lies within the range 8,000 
to 15,000 r.p.m. The motors are very popular and are widely 
used for portable drills, saws, vacuum cleaners, sewing machines, 
portable motion pictures, ete. 


CHAPTER X 
CONDUCTION OF ELECTRICITY THROUGH GASES 
78. Introductory, 


The study of the discharge of electricity through gases led to 
the discovery of the electron, which marks the beginning of a new 
era in the progress of physics. The branch that developed came 
to be known as ‘Modern physics’. It deals principally with 
atoms, molecules and the structure of matter. During the last 
sixty years, i.e., from its time of inception, it has made a 
tremendous progress, and has engaged the closest attention of 
scientists all over the world. The attention has recently been 
concentrated on the core of the atom, the atomie nucleus. The 
atom bomb has focussed public attention on it. 


In this chapter and in Appendix I we shall briefly treat the 
subject-matter associated with the major discoveries in this field. 


Gases, including air, do not in general conduct electricity. 
The fact that insulated, charged conductors do not, however, 
retain their charge for an indefinite time requires an explanation. 
If an insulated, charged gold-leaf electroscope is left standing 
in moist air, its charge soon leaks away. It is principally due to 
the formation of a thin layer of moisture on the surface of the 
insulators. Hven when the air is dry, there is a slow leakage. 
This slow leakage through air, which is equivalent to a slight 
conductivity of the air, soon came to be recognised as being due 
to the presence of ions in the air. As we know now, there are 
normally only a few ion pairs per c.c. of air at ground level. If 
by any means the number of ion pairs per c.c. could be increased 
to high values, the air would be rendered appreciably conducting. 


Gases are not spontaneously ionised like solutes in a elec- 
trolyte. Tonisation in a gas may be produced by either of two 
methods : 

(1) By collision, or impact. Electrons may be detached 
from atoms and molecules by the impact of other fast moving 
ions. A gas flame, an electric arc or a spark contains ions. 
When a gas is passed through a flame, an arc or a spark, it 
undergoes ionisation. The impact of such charged particles as 
the electron, the proton, the X-particle etc. also produces ionisa- 
tion in gases, provided that the partieles are fast enough. 

(3) By the absorption of radiation. Sufficiently short ultra- 
violet radiation, X.rays or gamma-rays produce ionisation ‘in 
gases. The effect is known as proto-electric effect. 

Mechanism of conduction in gases. When a p.d. is applied 
across a column of gas, the few ions which are naturally present 
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are accelerated by the electric field towards opposite electrodes. 
Normally no appreciable effect will be produced and there will 
be no appreciable current. 


The picture changes when the voltage is sufficiently high. 
The stronger electric field gives the ions a larger acceleration. In 
between successive collisions of an ion with gas molecules, the 
ion may be so speeded up by the field as to cause ionisation at 
the next impact. In this case the number of ions in the gas 
rapidly multiplies and a sizeable current flows between the 
electrodes. 


The current is carried by two oppositely moving streams of 
particles with opposite charges. The positive ions, which are 
atoms or molecules short of one or more electrons, crash on the 
eathode and produce heating. The electron liberated in the 
ionisation has a chequered and complex career depending on 
various factors. It may produce further ionisation on its way, or 
may stick to a molecule forming a more massive negative ion. 
Often it gathers round it a group of molecules. At low gas 
pressures many of them crash on the ancde. In any case, the 
stream of negatively charged particles. moves to the anode. 


Spark Discharge. The voltage needed to make a spark 
jump between two terminals in a gas depends on several factors, 
viz. the pressure and nature of the gas, the shape of the terminals 
and their distance apart. It requires a smaller voltage to make 
a spark pass between two sharp points, than between two round 
balls or two plates. The sparking voltage for two sharp points 
lem apart is about 8400 volts in air at atmospheric pressure ; but 
for two spheres 1 cm in diameter it is about 30,000 volts. 


19, Electrical Discharge through a Gas. 


Conduction of electricity through rarefied gases. A cylin- 
drical glass tube about 40 em long and 4 em in diameter is filled 
with dry air 
at almospherie y 
pressure. It has 
two electrodes 
at its ends. The 
anode ʻA) con- 
sists of an alu- 
minium wire 


th th- 
= (0) is a Induction Cal 
small circular LII] 
discof thesame TO BATTERY 
metal, The tube Fig. 172 


has an outlet x 
for connection with a pump (Fig. 172). A potential difference of 
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several thousand volts is applied across the electrodes by means 
of a good induction coil or otherwise. So long as the pressure 


(c) 0°02 mm. 
Fig. 173 


inside the tube is one atmosphere, there is no dis 

, , charge. As the 
Pressure is gradually reduced, the f. i e 
observed in succession : *- following; phen AEE 


(a) As the pressure reaches about 40 mm of 
: mercury, long, 
GT pu Sparks begin to pass between the electrodes 
As the pressure is further reduced parks 
expand and become more diffuse, loss infeieg Mr steady. 
B desks oe s whole Of the tube with a soft pink glow. 
ros acd DN. a gas in this condition is used extensively for 
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Farther reduction of pressure causes the column of light to 
retreat from the cathode. A small luminous blue spot appears 
on the cathode and is called the cathode glow. A dark space is 
called the Faraday dark space and the column of light the 
positive column. (Fig. 172b). At 2 to 4mm pressure, these 
structures are very clearly seen in the discharge. 


(c) At about 1 mm pressure the positive column breaks up 
into nearly equidistant striations. (At the same time it loses its 
pink colour and becomes dull white if mercury vapour or vapours 
of hydrocarbons from the pump or the grease in its joints 
enter the tube). At first the striations are very close together 
(Fig. 173c) ; but they gradually separate as the pressure is 
iowered. The Faraday dark space widens. The cathode glow 
detaches itself from the cathode and is then called the negative 


Fig. 174 


glow. Another dark space, called the Crookes dark space, 
‘appears between the cathode and the negative glow (Fig. 1734). 
On the cathode there appears a very thin faintly pinkish layer 
of light known as the cathode surface glow. These structures 
are shown diagrammatically in Fig. 174. 


(d) As evacuation proceeds, the striations fade into a white 
cloud and disappear at about 0.1 mm pressure The negative 
glow, now more feeble, extends almost to the anode. The 
Crookes dark space becomes larger and larger. 


At 0°02 mm pressure the negative glow practically dis- 
appears. The interior of the tube is practically free from light 
except for a short feeble streak (Fig. 173c). The glass walls of 
the tube opposite the cathode fluoresce with a greenish light. 

This fluorescence is due to something which is emitted 
normally from the surface of the cathode and travels in straight 
lines. The name Cathode rays has been given to it. The 
identity of these rays is discussed below 


80. Cathode Rays, 


The study of the conduction of electricity through gases 
exhausted to a pressure of 001 mm and less, engaged many 
physicists from 1885 to 1897. At this pressure the Crookes dark 
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space fills the entire tube, but a hazy bluish luminosity seems to 
mark the path of something which Goldstein called Cathode rays. 
By means of specially designed tubes the cathade rays were 
shown to have the following properties : 
G) The rays travel in straight lines. This may be demon- 
strated by placing a metal cross (Fig. 175) parallel to the cathode. 


The cross may be swung out of 
the path of the rays by means of 
a hinge. When the tube is 
excited, the glass wall Opposite gs 
the cathode fluoresces with a 
green (or greenish yellow) light. 
As the cross is swung in, it casts 
a sharpshadow on the wall. 


If the bombardment has 
been continued for some time , 
with the cross in position, the Fig 17 
intensity of the fluorescence diminishes due to a kind of fatigue 
of the glass. If the eross is now swung out, the previous shadow 

region fluoresces brighter than the 
surrounding region. [Compare this 
with the formation of the negative 
after-image in the eye (vol I, 
LIGHT.] 

(i) The rays have kinetic energy. 
When cathode rays fall on the vanes 
of a light paddle-wheel suitably 
mounted in the path of the rays, the 
wheel is found to rotate (Fig. 176). 

Fig. 176 This shows that the rays carry 
momentum and kinetic energy. 

(iii) The emission of the rays is normal to the cathode 
surface, 

In the experiment of Fig. 175 the shadow 
cast is very sharp, If the cathode emitted the 
rays like light from an extended source, there 
would be a region of penumbra in the shadow. 
But no such penumbra is found in the shadow 
cast by the cross. Hence the emission from a 
point of the cathode cannot be in all directions, 
That this is normal to the surface may be seen 
by taking a spherical cathode concave towards 
the anode (Fig. 177). At the centre of curvature 
of the cathode is placed a platinum foil. During 
discharge the foil becomes incandescent over a 
small circular region, The cathode rays, emitted À 
normal to the cathode surface, come to a focus Fig. 177 
at the centre of curvature. 
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The experiment shows that not only can the rays be focussed, 
but they also produce considerable heating effect. This is due 
to the disappearance of the kinetic energy which the rays carry. 

(d) The rays carry a negative electric charge. ‘This can 
be shown by (i) the electric and (ii) the magnetic deflection that 


they undergo. m 
(i) Electrostatic deflection. An elegant way of showing it 1$ 


by using a Braun tube (Fig. 178). € is the cathode, A the anode. 


: Fig. M8 b " 
D, and D, are two circular discs of aluminium with a small hole 
at the centre of each. P, and P, sre two aluminium plates to 
which a potential difference may be applied. Fis a fluorescent 
screen inside the tube. 

When P, and P, are at the same potential, & narrow beam of 
cathode rays passes through the holes in Dı and D; and produces 
a bright fluorescent spot at the centre of F. When a p.d. of a 
few volts is applied across P;, Pa, the spot is deflected. The 
direction of deflection shows that the rays are attracted towards 
the positive plate. Hence the rays must have a negative charge 
on them. 

(ii) Magnetic deflection. When one pole of a permanent 
magnet is brought close to the beam of cathode rays in the 
Braun tube, the fluorescent spot is deflected. The direction of 
deflection shows that the beam behaves as a conductor carrying 
a positive current towards the cathode. Since the actual flow is 
away from the cathode, the charge carried by the rays must be 
negative in nature. $ 

(e) The rays produce fluorescence. The fluorescence which 
the rays produce in glass has already been referred "es A 
large number of materials fluoresce when cathode rays fall on 
them. Barium-platinocyanide, zinc sulphide, calcium tungstate 
and many organic liquids are strongly affected 

(f) The rays produce ionisation in gares. The rays can 
pass through thin sheets of aluminium foil without puncture. 
This enabled Lenard to bring the rays outside the tube and 
study their properties. He found that they are very easily 
absorbed by matter and produce ionisation in gases. They also 
affect photogra hic plates. 

Identity of cathode rays. The electrostatic and magnetic 
deflections which cathode rays undergo show that they carry & 
negative charge. The fact that they also carry an appreciable 
momentum led to their identification as a stream of negatively 

charged particles emitted normal to the cathode. The particles 
were given the name 
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Sir J. J. Thomson, an outstanding English physicist, suc- 
ceeded in 1897 in measuring the ratio of the charge (e) to the 
mass (m) of the electron. The identity of the ratio e/m for 
discharge through various gases with electrodes of various metals 
showed that the electron is a common constituent of all matter. 
We are now fully convinced that it is a fact. The ratio of the 
charge to the mass of an electron, as given by recent accurate 
experiments, is found to be 1°759 x 108 coulombs per gram. 


Millikan, an American scientist, spent several years of his 
life in measuring accurately the charge carried by an electron. 
The value he found was 4 7:4x10-19 esu or 1°591X q0::* 
coulomb. More recent experiments give the value as 4/803 x 10-19 
esu of 1601X 10-** coulomb. ‘The difference has been found to 
be due to a slight inaccuracy in the value of the viscosity of air 
which Millikan used. 

The charge carried by an electron is identical with that 
carried by a hydrogen ion in electrolysis. From the above values 
of e/m and of € the mass of the electron, comes out to be 
91066 x 10-?? gm. It is the lightest particle known so far. 


81. X-rays. 


The investigation of the discharge of electricity through gases 
during the last decade of the nineteenth century led to one of 
the most important discoveries by Rontgen* in 1895. He found 
that the portion of the glass wall of a cathode-ray tube hit by 
the cathode rays, emits not only the green fluorescent light, but 
also an invisible radiation. The radiation is not deflected by 
electric and magnetic fields. The name X-rays was given to it. 

Since their discovery, much work has been done on X-rays. 
We give below an account of their production and of their chief 
properties as we know them now. 

Production of X-rays. X-rays are produced wherever 
cathode particles, i.e., fast moving electrons, are made to 
impinge on a hard target and 
lose their kinetic energy. The 
kinetic energy of the particles 
is partly converted into the 
energy of X-radiation. The 
fraction converted is less than & 
0.1%, the rest being converted ! 
into heat, Hence the target, 
generally called the anti- 
cathode, is much heated. 


*Wilhelm Konrad Rontgen (1845-1923), then Professor of Physics 
at Wurtzburg, later at the University of Munich. He received the first 
Nobel prize for Physics in 1901 for his discovery of X-rays. 
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A tube, called an X-ray tube, is used for the purpose of 
producing. X-rays. There are two principal types, viz. (1) the 
gasfilled tube and (2) the Coolidge or electron tube. 


The gas-filled tube (Fig. 178) consists of a glass globe 
evacuated to a pressure between 10-* and 10°* mm of mercury. 
The cathode C is of aluminium and has such a eurvature that 
catbode rays, emitted normally from it, are brought to a focus 
on the anticathode AG. The anticathode is made of some heavy 
motal with a high atomic weight and melting point, such as 
tungsten. In tubes using large power there are arrangements for 
cooling the anticathode, and also the cathode. A is a second 
anode connected to the first. The exact part played by it is not 
known ; now-a-days it is often not fitted. 


AC and C are so connected to the terminals of a large induc- 
tion coil that C is negative with respect to AC during break of 
the primary current. The large p.d. at each break sends a pulse 
of cathode rays from C to AC. The particles impinging on AC 
produce X-rays. The spot on AC where the cathode rays im- 
pinge is the source of X-rays. The rays are radialed all over a 
hemisphere in front of the anticathode and eastly come out 
through the glass walls. 

A great disadvantage of the tas-filled tube is that after it has been 
in use for somo time it may fail to act. This is due to the removal 
of the residual gas in the tube in the course of operation. The cathode 
rays ionise the gas molecules and the large p.d. across the tube makes 
them move very fast. When the high speed gaseous ions crash on the 
walls of the tube they are generally trapped. To remove this difficulty 
various devices have been invented. The prm of such a device is to 
introduce small quantities of gas into the tubo to keep it running. Whon 
the tube fails to run due to removal ef gas, it is said to have got ‘hard’. 
Introduction of gas is called ‘softening’ of the tube, ‘Tho gas-tubo suffers 
from another difficulty ; the current through it, and hence the intensity 
of the X-rays cannot be separately controlled. Tho p.d. determines the 
current and the quality of the X-rays. Thus the intensity could not be 
altered without altering the quality of the rays. 


Coolidge tube. Dr. W. D. Coolidge, an American physicist, 
working in the General Electric Laboratories, brought about the 
biggest improvement in the 
design of the X-ray tube in 
1913. In the Coolidge tube 
(Fig. 180) the cathode consists 
of a spiral F of tungsten wire, 
heated to a temperature of 
about 2000°C by an electric 
current from & low voltage 
battery or transformer. The (8) iH 
hot filament is a strong source 
of electrons. The vacuum in 


- + 
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the tube is much higher than that in the gas-filled tube, the 
pressure being upon 107?mm. At this pressure no discharge 
passes through the tube even when a large p.d. is applied. 


When the filament is heated it emits electrons copiously, 
The large p.d. across the tube hurls the electrons with terrific 
speed onthe anticathode. The impact produces X-rays. A 
metallic cylinder (Cy) or hemisphere surrounds the filament and 
Serves to focus the electrons on the anticathode. The anti- 
cathode (of tungsten or molybdenum) is imbedded in copper 
which carries away the heat to radiator fins. In high power 
tubes the anti-cathode is water-cooled. The tube is run in the 
Same way as a gas-filled tube, 


Properties of X-rays. The following are some of the prin- 
cipal properties of X-rays : 


(i) The rays are invisible ; they do not affect the retina as 
visible light does, 


(ii) They show all the Properties of waves, such ag 
reflection, refraction, interference, diffraction and polarisation. 
They are thus of the same nature as visible radiation. Measure- 
ment of wavelength has shown that X-rays are very short. 
While the wavelength of yellow light is about 6,000 A.U. 
(14.U.— 107? em), that of X-rays ordinarily used in the labora- 
tory is about 1 A.U. X-rays used in therapy are even shorter. 


(iii) X-rays can pass through matter opaque to ordinary 
light. The opacity of a material to X-rays increases with its 
density ; iron is more opaque to X-rays than wood or brick. 

The penetrating power of X-rays depends on the wave- 
length. The shorter the days the higher their penetrating 
power, Longer rays are more easily absorbed by matter. More 
penetrating rays are called 'hard rays’; those more easily 
absorbed are known as 'soft rays’. The higher the p.d. applied 
to the tube, the harder are the emitted rays. 


The wavelength 2 of the shortest radiation which an X-ray 
tube can emit is related to the applied voltage V by the formula 


19340 
V (in volts) 


(iv) They ionise gases. When passed through a gas, elec- 
trons are detached from the molecules, thus splitting the mole- 
cules into positively and negatively charged portions. Electrong 
are also emitted when X-rays fall on a solid or liquid. 


Ain A. U.)= 


(v) They effect photographic plates in the same way as 
- visible light does. But X-ray Photographs are shadow photo- 
graphs, the rays passing through the material to be photo- 
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£raphed. The denser portions of the material appear lighter on 
the plate and vice versa. 


(vi) They cause fluorescene in many materials. X-ray 
Screens are made of barium platino-cyanide, which fluoresces 
with a bright greenish yellow light when X-rays fall on it. The 
material is however not so durable ; so zine silicate containing 
traces of manganese is often used in its place. Almost all 
Siento substances exhibit fluorescence when irradiated by 

“rays. 


(vii) X-rays have the property of destroying living cells. 
The cells during their dividing condition are more susceptible to 
damage than those which are non-dividing. This discriminatory 
effect of X-rays is taken advantage of in the treatment of cancer. 
The cancer tissue is a group of rapidly dividing cells surrounded 
by healthy non-dividing tissue. A suitable dosage of X-rays is 
used which has a damaging effect on the former, but is relatively 
harmless to the latter. Recently a million-volt X-ray tube has 
heen installed at the Chittaranjan Cancer Hospital in Calcutta. 


Continuous exposure to heavy X-ray dosage causes bad 
burns on the skin which generally take a long time to heal. 


82. Some Applications of Discharge through Gases. 


The carbon arclamp. Sir Humphrey Davy first produced 
an electric are between carbon rods in 1812, by using a battery 
of 2000 cells. It was not until 60 years later that carbon are 
lamps became a commercial possibility. 


Fig. 181 


The carbon arc lamp consists of two carbon rods in series 
with a suitable resistance and connected across 110 or 220-volt 
mains. To strike the lamp the rods are brought together and 
then separated slightly. 


When the rods are brought into contact, the -ve rod is so 
much heated at the points of contact, that it emits electrons. 
These electrons start the are by ionisation. 
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The hot ionised gas between the rods carries the current and 
forms a luminous arc. It is of the nature of a glow discharge 
(Fig. 181). The ends of the 
two carbon rods become white 
hot due to the crashing of the 
ions on them. But the are 
itself gives out only little 
light. In a direct current arc 
about 85% of the light comes 
from the anode and only 
10% from the cathode. For 
this reason the are is so 
arranged that the light from 
the anode is used. 

Because of the higher j 
temperature the positive car- Fig. 182 
bon burns away faster than the negative. A deep crater is 
formed in it. Most of the light comes from this crater where 
the temperature is about 4000'C. 

Using air at 22 atmosphere pressure the temperature of the 
crater could be raised to about 5600'0. The temperature of 
the negative rod is about 1000'C less. 

Since the rods are consumed in the course of the running 
of the arc, they must be brought nearer as the arc runs. A 
hand-fed are is shown in Fig. 182. The positive rod is made 
thicker as it wears off more rapidly. 

Atatime carbon ares were used in street lighting. But 
now they have been superseded by other lamps. They are now 
‘used for the projection of motion pictures in large theatres and 
in many forms of searchlights. 

The arcs ean be run both d.c. or a.c. D.c. arcs are more 
steady and have a higher luminous efficiency, about 75 lumens 
or 6 candles per watt. 

The arc discharge should not be confused with the spark 
discharge. 'The latter consists ofa sudden leaping of the dis- 
charge right across the gap between the electrodes. It is pre- 
ceded by an intense production of ions and the current rises to 
high values during the spark discharge. In an arc the conditions 
are more or less steady. 

The carbon are furnace is a magnified carbon arc lamp in 
which the heat ofthe arcis utilised. It has many industrial 
uses. 

The mercury-vapour lamp. Inthislamp use is made of 
the incandescence of mercury vapour in an arc. This is unlike 
carbon arcs, where most of the light comes from the electrodes 
and very little from the are. 
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The mereury-vapour lamp belongs to either of two types. 
In one type both electrodes are of mercury. Mercury is contain- 
ed in a glass or quartz vessel 
having two reservoirsat the ends 
(Fig. 183). Electrodes are sealed 
into them. In order to light the 
lamp the tube is tilted so as to 
produce a continuous thread of 
mercury between the electrodes. 
Fig. 183 It is then righted again, whereby 
ig. the thread of mercury is broken 
and the are started. The colour of the light is bluish green. It 
is rich in ultraviolet, which is cut off if the tube is of glass. The 
ultraviolet is transmitted if the tube is of quartz. Quartz lamps 
are used for sterilising purposes and for ultraviolet therapy. 
Another type, often called the sun lamp (Big. 184), contains. 
two tungsten electrodes placed very close together and joined by 
a fine tungsten filament. The bulb contains a 
little mercury. When switched on, the filament 
glows and vaporises the mercury. The vapour 
being a good conductor, an are strikes between e 
the electrodes, and then the filament ceases to 
glow. The vessel is of quartz and the lamp is 
an ultraviolet lamp. 
The neon lamp. This lamp, as used on 
100 or 220-volt mains, is an example of the 
application of negative glow (the cathode glow) 
for purposes of small illumination. Commercial 
incandescent electric lampscannot be construct- T 
ed to have a candle power of less than about 15. Fig. 184 
For night purposes a lamp of smaller power is not only conve- 
nient but also economie. The neon lamp serves this purpose. 
The neon lamp consists of a glass bulb filled with neon at a 
reduced pressure (Fig. 185). The electrodes are made of iron’ 
coated with metallic barium. Such lamps can be 
used on 110 or 220-volt mains. For use with direct 
eurrent the area of the cathode is much larger than 
that of the anode ; with a.c. both electrodes are of 
the same size. An auxiliary resistance is required ; 
this is generally incorporated in the base of the 
lamp itself. The maximum brightness is about 0.3 
candle-power and the consumption about 15 watts 
per c.p. The colour varies from pink to orange. 
Neon signs. The neon signs as used for adver- 
tising purposes, are examples of theapplication of the 
light from the positive column. A long glass tube is 
bent into the necessary shape and provided with ter- 
minals at the ends. Air is pumped out and the tube 
Fig. 185 is filled with neon at a pressure of about 15 mm of 
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mercury, A transformer fed by an alternating current applies a 
p.d. of several thousand volts across the terminals. The current 
that passes through the tube is about 25 milliamps. The gas 
glows with its distinctive colour (bright orange-red). It is the 
glow of the positive column. 


Different colours may be obtained by using suitable mixtures 
of different gases and, if necessary, by using glasses of different 
composition. Thus, blue light may be obtained by using a mix- 
ture of neon and argon with a trace of mercury vapour. For 
green light, the mixture is the same, but the glass is amber or 
uranium glass. 


Argon in clear glass gives blue; helium in amber 
glass gives yellow. Argon and mercury in yellow glass 
give green. Krypton is also used in these tubes. It alone 
gives a deep blue light in the clear glass. 


Geissler tubes. Herinrich Geissler, a German glass 
blower in Tubingen, invented a mereury vacuum pump 
and became the most expert manufacturer of discharge 
tubes containing various gases at a pressure of about 5 
mm of mereury. At this pressure they, glow most 
brilliantly, the light coming from the positive column. 
The colour depends on the kind of gas and the composi- 
tion of the glass. They were often madein fantastic 
shapes and were known as Geissler tubes (Fig. 186). The 
neon signs which we have discussed above are nothing 
but very long Geissler tubes. 


One type of Geissler tubes, also known as Plucker 

tubes, is used in the laboratory as source of light for the Fi 

study of spectra. The gas whose light is to be studied Tis 186 

fills the tube at a pressure of about 10 mm of mercury, The 
electrodes are of aluminium, The 
central part of the tube is a 
capillary (Fig. 187 a and b) The 
light is most intense there, The 
intensity is still further inereased if 
the capillary is viewed 'end on' as in 
the design shown in Fig. 187(b). 


Fluorescent lamps. This type of 
lamp(Fig. 188) consists of a glass 
tube about 1'5 inches indiameter and 
2 to 4 ft. long. Two small filaments 

(b) at the two ends serve as electrodes. 
The tube contains a little argon and 
(a) Fig. 187 nitrogen and a drop of mercury. The 
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inside of the tube is coated with a fluorescent powder. The 
lamps work at 110 or 220 volts. 


l4 SWITCH 


Fig. 188 


At starting, the electrodes are heated to incandescence and 
emit electrons. A switch, called the ‘starter switch’, then cuts 
out starting current from the electrodes. This removes the 
magnetic flux through an iron core solenoid, known as ‘ballast’. 
The induced emf gives the emitted electrons enough energy to 
ionise the gas and start the are. The discharge is very rich in 
ultraviolet. This ultraviolet radiation is converted into visible 
radiation by the fluorescent coating. 


The luminous efficiency is very high, being about 9'5 to 5 
candles per watt. 


83. The Photoelectric Effect. 


Many substances emit electrons when illuminated with light 
of proper frequency. The phenomenon is known as the photo- 
electric effect. The electrons emitted are called photoelectrons to 
indicate their origin ; they are identical with electrons from any 
other source. 


The following faets in connection with photoeleetrie effect 
have been established : 

i) To produce photoelectric emission in a given substance, 
the incident light must have a frequency higher tham a certain 
value (i.e. a wavelength shorter than a certain value): This 
critical value of the frequency is called the threshold frequency ; 
it is different for different substances. For the alkali metals 
(Na, K, Rb, Cs) the threshold frequency is in the infra-red. 
Hence these metals emit electrons when light in the visible part 
of the spectrum falls on them. But for most other metals the 
threshold frequency is in the ultraviolet. Visible light produces 
no emission from them. 

(ii) The number of electrons emitted is proportional to the 
intensity of the incident light. If the frequency of the incident 
light is lower than the threshold value, no beam, however 
intense, will cause any emission. 

(iii) The kinetic energy with which the electrons are emitted 


depends on the frequency, and not on the intensity, of the 
incident light. 


CONDUCTION OF ELECTRICITY THROUGH GASES 485 


(iv) Emission is instantaneous : there is no time lag bet- 
ween emission and irradiation. 


The effect_is very important from a theoretical standpoint. .It shows 
that Light behaves as particles. This explanation was given by Einstein 
in 1905. In view of the importance of the explanation Einstein was 
awarded the Nobel prize in 1921. 


The effect was first observed by Hertz in 1887, and investigated more 
closely by Hallwachs. At a time it was called the Hallwachs effect. 

Photoelectric cells, Photoelectric effect has 
many useful and interesting applications. For 
making use of it, many different types of tubes, 
known as photoelectric cells, have been devised. 
The light-sensitive material (often caesium, for 
work in visible light) is deposited in the form of 
a thin layer on a metallic half-cylinder (Fig.189) 
which forms the cathode. The anode is a metal 
rod, loop or wire, placed along the axis of the 
cylinder.. The bulb is ordinarily of glass. Light 
reaches the layer only through a window. 


The cell is made in two types : 


(i) The vacuum cell is exhausted to a high 
vacuum (about 107? mm of mercury). The 
current from such cells is small, but exactly , 
proportional to the intensity of light. Fig. 189 


(ii) The gas-filled cell, entirely free from oxygen, contains an 
inert gas, such as helium, argon or neon, at a low pressure. It 
gives large currents, but the 


fats Electron flow proportionality between inten- 

ee AY 9 SEA sity and current is not as true 
+ as in the other cell. 

at In use, a potential differ- 


:B0Vence -of about 100 volts is 
—.. applied between the electrodes 
— of the cell by means of a 

battery (Fig. 190). The current 

Gay in the external circuit is ampli- 

Fig. 190 fied (by valve amplifiers) and 

made to do the work for which 

it is needed. No current passes through the cell when the sensi- 
tive surface is connected to the positive pole of the battery. 

Photoelectric cells are used in talkies, telexision, telephoto- 

graphy, photometry, burglar alarm, counting operations and a 

host of others, a 


84. Thermionic Emission. 
In course of studies for the development of the carbon inean- 
descent lamp. Edison placed a plate between the two branches of 
the filament. When the plate was connected through a galvano- 
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meter to the positive end of the lamp (i.e. when the plate was at 
a positive potential with respect to the filament), a small current 
passed through the galvanometer. There was no current when 
the plate was connected to the negative end of the lamp. 


This effect was not understcod until 1901 when Richardson 
showed that all metals emit electrons when heated. The 
escape of electrons through the surface of a hot metal may be 
compared with the escape of molecules from a liquid surface 
during evaporation. In Edison's experiment, the electrons 
evaporated from the hot carbon filament, passed into the space 
surrounding it and were drawn by the plate when the latter was 
positive. The plate repelled them when it was negative. 


Ith 8-4 


The emission of electrons 
from a hot body may be de- 
monstrated by taking a highly 
exhausted glass tube T (Fig. 
191) containing a cylindrical 
metal plate P connected to an 
external electrode. Along the 
axis of P is stretched a metal 
filament F which can be heat- 
ed to incandescence by a 

Fig. 191 battery, A, of say 4 or 6 volts 

acting through a rheostat. 

The positive of another battery, B (50—100 volts), is connected 

to the plate and its negative to F. A galvanometer (G) is included 
in this part of the circuit. 

When the filament is heated, the electrons evaporated from 
it are attracted and collected by P which has a positive charge. 
The galvanometer registers a current. The electron current 
flows from F to P, then through B and G back to F. 

If however P is connected to the negative pole and F to the 
positive pole of the battery B, there will be no eurrent through 
the galvanometer. The evaporated electrons remain in the 
space between F and P. 

If P could collect the electrons as fast as they were emitted, 
the current through G would be a maximum under the given 
conditions. This maximum current, called the saturation current, 
depends on the nature of the filament surface and its tempera- 
ture. It increases rapidly with temperature. If the filament 
surface is coated with an oxide of barium or strontium, the 
emission increases enormously. Such filaments are called ozide- 
coated. filaments. 

The emission of electrons from hot bodies is known as ther- 
mionic emission. Itis due to the high temperature and not 
to the eurrent. A mteal sufficiently heated in any way will emit 


electrons. These electrons are the same as electrons from any 
other source. 
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Thermionic emission is of great importance. On it depends 
the action of the vacuum tubes used in radio and television. It 
supplies electron beams which can be used for a variety of pur- 
poses, such as the production of X-rays, for acting as a pointer 
responding to small variations of electric potential as in a 
cathode-ray oscillograph, etc. 


85. The Two-electrode Vacuum Tube or Diode. 


Edison’s discovery was applied by Sir John Fleming for the 
purpose of converting an alternating current into a pulsating 
direct current. The device, variously known as the Fleming 
válve diode, vacuwm-tube rectifier or the two-electrode vacuum 
tube, is diagrammatically shown in Fig. 192. The filament is 


yn rw 
eV 


Lube base (ani 
ig 


li 
Fig. 192 Fig. 193 


connected to external electrodes and is heated electrically by a 
battery or small step-down transformer. A metal cylinder, (P), 
called the plate, surrounds the filament (F) and is connected to 
another external electrode. The bulb is of glass andis highly 
evacuated. 

Its action as a rectifier is illustrated in Fig. 193. A rectifier 
is a device which changes something from alternating to uni- 
directional. The Valve rectifies electric current or p.d. Suppose 
it is required to convert the alternating current in the secondary 
of a transformer into a unidirectional one. The valve is 
connected across the secondary as shown. As the secondary p.d. 


(a) (b) 


CURRENT 


TIME —* 
Fig. 194 


(Rectified pulse) 
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alternates the electrons from F flow to P only when Pis positive 
with respect to F. Hence an electron current flows through the 
tube only during this time. When P is negative with respect to 
F, as occurs during the other half of the eycle, electrons are 
repelled by P and no current flows through the valve. Hence 
the current through the secondary circuit passes in pulses in one 
direction only (Fig. 194). 

Another diode may be used to utilise the other half of the 
eycle whieh has been suppressed. Sometimes two diodes are 
incorporated in the same tube, so that there are two plates and 
two filaments in it. Itis called a duo-diode. The diode isa 
half-wave rectifier, the duo-diode a full-wave one, ———— 

The oh is a diode used for rectifying small alternating 
currents at high potentials and is used in X-ray work. 

Gases and vapours are used in some types of rectifier tubes 
in order to obtain large currents through ionic conduction rather 
than by electronic conduction alone. The tungar-rectifier has a 
cathode of tungsten spiral and a large anode of carbon. It con- 
tains argon or other inert gas at low pressure and can rectify 


currents of about 5 amperes at 100 volts. Mercury-arc rectifiers 
can handle very strong currents, 


86. The Three-electrode Vacuum Tube or Triode. 


Lee de Forest, an American inventor, conceived the idea of 
introducing another electrode, called the grid, between the fila- 
ment and the plate of the two-electrode iube. The introduction 
of the grid immensely widened the scope of application of the 
vacuum tube. The three-electrode vacuum tube of the triode 
serves as (i) a sensitive detector 
of radio waves, (ii) as an ampli- 
fier of electrical signals and 
(iii) as agenerator of high 
frequency alternating currents, 

nstruction. It consists of 
a highly exhausted, small glass 
bulb (Fig. 195) usually silvery 
on the inside and haying a base 
with four (or five) contact pins. 
Inside the bulb there is a fila- 
ment of tungsten (usually coated 
with thorium). The terminals 
of the filament are connected to 
the two large pins in the base. 

Surrounding the filament is 
E of wire, which is the 

d grid. The grid usually has the 
1 e) Pp De form of an open helix of fine 
wire, the spacing between the turns being several times the 


CONDUCTION OF ELECTRICITY THROUGH GASES 489 


diameter of the wire. This large spacing allows electrons to pass 
through to the plate. The grid is insulated from the filament 
and is connected to one of the smaller pins at the base. 

Surrounding the filament and the grid is a metal can in- 
sulated from both and connected to the other pin in the base. 
It is called the plate. Because the tube has three elements— 
the filament, the grid and the plate—it is called a triode. 

The vacuum in the bulb is of the order of 107? mm of 
mercury. 

In many triodes the filament is not the cathode. In them a 
metal cylinder surrounding the filament and insulated from it 
serves as the cathode. The filament serves merely to heat the 
cathode, while the hot cathode cylinder is the emitter of elec- 
trons. The cathode is connected to a fifth pin in the base. 
ie are a triode is represented as shown in Fig. 

Action of the grid. The grid acts like a shutter which con- 
trols the flow of electrons from the filament to the plate. The 
action is electrical and is accomplished by changing the potential 
of the grid. When the grid is positively charged, it attracts elec- 
trons and increases their flow from the filament to the plate. 
When negatively charged, it repels the electrons, so that they do 
not reach the plate. Thus the plate current may be controlled 
by varying the potential of the grid. Note that the action of 
the grid is a trigger action. The energy of the plate-filament 
circuit is supplied by the high-tension battery, called the B- 
battery, in that circuit. The grid circuit consumes very little 
energy. : 

Characteristic curves. The performance of a thermionic 
tube is most easily understood by reference to what are known 
as characteristic curves. 
They are different for 
different tubes and may 
be drawn in several 
ways. For our purpose 
curves which represent 
the variation of plate- 
current for different 
values of grid-potential 
will be convenient. In 
drawing such a curve 
the p.d. between the 
filament and the plate is 
kept fixed, but given 
different values for 
different curves. Poten- í » 
tials are measured with GRID POTENTIAL VOLTS 
reference to the negative 
end of the filament. Fig. Fig. 196 


PLATE CURRENT -M.A. 
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196 represents three such curves. Each has a steep, straight 
mo and two bends. At the lower end of the middle curve it 

seen that —8 volts on the grid completely counteracts the 
effect of +90 volts on the plate ; the plate current falls to zero, 
If the grid is made even more negative, no current passes to the 
plate. For a potential of about +10 volts on the grid the current 
Teaches the maximum value. The grid pulls out all the electrons 
emitted by the filament and sends them to the plate.* 


Triode valve as a rectifier and detector of high frequency 
electric oscillations. In radio receivers the incoming wireless 
signals produce an oscillating 
current of very high frequency. 
No telephone receiver can respond 
to such high frequencies, with the 
result that when this current 
passes through a telephone re- 
ceiver, the diaphragm does not 
move. A triode valve may be 
used practically to suppress one 
half of the alternating current 
and allow a uni-directional current 
to pass through the telephone. 


The rectified current passes through the telephone receiver, 
The diaphragm cannot respond to the individual surges of 
current because of the extreme rapidity of the change: Ifa 
group of su h surges, all of the same amplitude, passes through 
the telephone, the diaphragm responds only once to the entire 
group, being pulled by the average current in the group. If this 
average current varies slowly, the telephone diaphragm will 
Vibrate in tune with this average current. High frequency 
alternating currents may thus be detected, 


The method of rectification described aboye is kn 
anode bend rectification. Tt illustrates the Principle, Tn thy 
ER rue method, known as grid leak rectification, is more 
often A 
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Triode as an amplifier. In using the triode as a rectifying 
detector, the operating potential on the grid was close to the 
lower bend of the grid- 
potential-plate-current cha- 
racteristic. In using it as 
an amplifier the grid is 
given such a potential that 
the operatingpoint is near 
the middle of the straight 
portion of the above cha- 
racteristic curve (point F, 
Fig.198). The grid has the 
p.d. represented by OA 
before the alternating p.d. 
is impressed on it. The 
impressed p.d. makes its 
potential oscillate between 
B and C. . The plate-cur- 
‘rent thus oscillates be- 
tween BE and CD. Since 
we are operating on the i 
steep part of the charac- Wig, 198 
teristic, a small change of 
grid-potential from OC to OB causes a big jump in plate-current 
from CD to BE. This change will be more pronounced the 
steeper the curve. Hence valves used for amplification should 
have a steep characteristic. 

The plate-current passing through a suitable high resistance 
will set up between its ends a p.d. which is much higher than 
that applied between the grid and the filament. In this way the 
triode valve produces amplification of varying potential differ- 
ences. Plate-current changes follow the grid-potential changes ; 
both curves have the same shape. The changes of current shown 
at Q is a magnified replica of the changes of potential shown atP. 

Triode as an oscillator. A triode may be used to produce 
oscillating electric currents of very high frequency. In its role > 
as a generator of such currents, the triode is usually called an 
oscillator. 

The action of a triode as oscillator may be understood in broad 
outline by analogy with a pendulum clock. The clock has a 
timing device, its pendulum. Its time-period depends on its 
length and the value of the acceleration due to gravity. The 
oscillator also has a timing device which is a circuit containing 
an inductance (of value L) anda capacitance (of value C), the 
resistance being negligible. A current started in such a circuit 
is oscillatory in character and has a time-period T =2% NEO; 

An oscillating pendulum left to itself comes toa stop. The 
energy it was given initially is used up in overcoming resistance 
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due to friction in air and at the bearings. The current once 
started in the LO circuit gradually dies out due to the initial 
energy being used up in overcoming friction, here the resistance 
of the circuit. 

To maintain the vibrations of a pendulum ina clock, the 
mainspring supplies energy to it at the proper moment through 
the escapement. The energy Supplied during each vibration is 
equal to the energy lost during it by friction. Thus the vibra- 
tions are maintained. 

The electric oscillations in the LC circuit are maintained in 
asimilar way. The high-tension battery (or the B-battery) in 
the plate-filament circuit supplies 

. energy to the LC circuit to make Lj 
up for the loss in overcoming the 
resistance during each cycle. This 
is done through the grid. The 
energy may be drawn by means LÈ AS 
of two coils coupled together by itj 
mutual inductance, one coil being 
in the grid-filament circuit and 
the other in the plate-filament r — ~ 
circuit. A simple circuit for the Fig. 199 
purpose is shown in Fig. 199. A 


87. Electromagnetic Waves. 


When a high-frequency alternating potential is applied to a 
wire extended into the air, it forces electrons up and down the 
wire and causes the upper end of the wire to be charged alter- 
nately + and —. The wire, called the antenna, and the earth 
act like the two plates of a condenser. An electrostatic field is 
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Fig. 200 


Produced about the antenna, the lines of force being as sh i 
Fig. 200. The moving electrons in the Wire acr ; bon 
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which creates a magnetic field around it. The lines of force of 
the magnetic field are horizontal circles concentric with the 
antenna. When the current in the antenna reverses, the elec- 
trostatic and magnetic fields surrounding it are also reversed. 
These alternating electric and magnetic fields, which are at 
right angles to each other, travel outward with th: velocity of 
light and constitute electromagnetic waves. They are not material 
waves like sound waves 
in air, and do not re- 4 
quire a material medium | e—a | 
for propagation. At any , "ED 
point in space through ; E FTN 
which they pass, they T > 
produce variations of EN te 
electric and magnetic y 
field intensity. Fig. 200 
shows the lines of elec- 8 
tric force of the alter- Fig. 201 
nating field. Fig. 201 
shows how the electric and magnetic field intensities, E and H, 
are always at right angles to each other and to the direction of 
propagation (V). 
Ifthe alternations of potential occur with a constant fre- 
quency n, the waves will have a constant wavelength 4, given by 


c 


where c is the velocity of light. Thus, if n is one million cycles 
per second, 4 will be 300 metres since the velocity of light is 300 
million metres per sec. The waves are now known to be of the 
same nature as light, but they have a much longer wavelength 
and do not affect the retina. 


88. Wireless Communication. 


It has been possible by means of electromagnetie waves to 
transmit messages over long distances in a minute fraction of a 
second.* The details of the method is a subject for the specialist. 
We give below the principle of the method in the broadest outline. 


Theo idea of doing so was conceived and successfully carried out by 
& young Italian inventor, Guglielmo Marconi (1874-1939). He was 
awarded the Nobel prize in Physics in 1909, 

Some outstanding dates in the development of wireless communication 
are the following : 

1888—Hertz's work on electromagnetic waves. 

1892—Branley's invention of the coherer and its subsequent improve- 

ment by Marconi for the detection of wireless signals. 
1904— Fleming's invention of the vacuum tube. 
Mon izenki, of the erystal detector by General Dunwoody of the 


U. 8. y. 
1906—Lee de Forest's invention of the triode value. 
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Electromagnetic waves are radiated from an antenna, placed 
high up in the air, due to the rapid oscillation of electrons set up 
- in it by vacuum-tube oscillators. The fre- 
quency of the oscillations, and hence of the 
electro-magnetic waves, is determined by the 
timing device, i.e, the L-O circuit associat- 
ed with the oscillator. When no message 
is being transmitted the radiated waves have 
aconstant amplitude (Fig 202). They are 
known as carrier waves. The wavelength of 
the carrier waves ordinarily used for broad- 
casting varies from about 10 to 500 metres. 
The approximate range of frequencies is thus 
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rent in the speech amplifier, This alternating low-frequency 
current then passes to the modulator, where it is super-imposed 
on the high-frequency current produced by tho Oscillator. Since 
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the changes in the speech current are much slower (the frequen- 
cies involed in the speech current lies within the approximate 
range 30 to 5000 cycles per sec), its superposition on the high 
frequency alternating current from the oscillator modulates the 
amplitude of the" latter. As a result, the oscillations generated 
by the tube, which are constant in frequency, are varied in 
amplitude in accordance with the sound wave. The curve pass- 
ing through the successive maxima of the high-frequency waves 
represents the sound wave. Under this condition the electro- 
magnetic waves radiated by the antenna have a constant fre- 
quency, but an amplitude which varies in the manner of the 
sound waves. The message has been imprinted on the carrier 
waves. The waves carry the massage away in all directions with 
the volocity of light. 

To catch and hear the massage at any place where the waves 
reach we require a radio-receiver. It has an antenna (or aerial) 
which absorbs some enegry from the electromagnetic waves which 
reach it. The alternating fields of the waves set up oscillations of 
electrons in the antenna, which has a timing device, an L.C 
circuit, linked with it. If the frequency of this L-O circuit is 
tuned to that of the in-coming waves, the response in the receiver 
will be a maximum. The high-frequency alternating current of 
amplitude varying in the manner of the sound waves from the 
broadcasting station, thus received, may be weak and may require 
initial amplification. It is then rectified and converted into a 
pulsating uni-directional current whose magnitude varies at 
audio-frequencies. The audio-frequency current may be amplified 
if necessary and made to operate telephones or loud-speakers, 

In radio-telegraphy the carrier waves are interrupted accord- 
ing to Morse’s code, giving rise to short and long wave trains 
corresponding to the dot and dash. The beginning and ending 
of each wave train is heralded by a click in the telephone. A 
dot corresponds to & short interval between two clicks and a 
dash to a longer interval. 

. 89. The Loud-Speaker. 

We did not have an earlier occasion to describe the action of 

the loud-speaker, a device widely used in radio-receivers and 
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essential in public address systems. Its function is the same as 
that of a telephone receiver, 7-e., changing varying electric 
currents into sound waves ; but it 
is much more powerful than the 
telephone receiver. 

The so-called dynamic loud- 
speaker (Fig. 203) has three main 
parts. It has a strong shell type 
magnet which provides a strong 
magnetic field within a narrow 
air gap between a central north 
pole and a surrounding ring-like 
south pole. In small speakers 
"ane this field is provided by an alnico 

permanent magnet. In large 
Fig. 204 speakers in electromagnet is 
employed. 


A 


The second essential part is a small cylindrical voice coil 
consisting of a dozen or so turns of wire fixed near to the apex 
ofa paper cone. The coil moves in the narrow cylindrical gap 
between the poles. A thin, springy, fibre disc, called the spider, 
permits the coil to move, but forces it to come back once the 
pull ceases. The paper cone, connected to voice coil, moves with 
it and disturbs a large volume of air. 

The third elementis step-down transformer (7), the low 
voltage high current winding of which is connected by flexible 
wires to the voice coil. 

When the amplified current from a microphone or the audio- 
frequeney current in a radio-receiver is supplied to the primary 
of the transformer of the speaker, the voice coil is. traversed by 
a strong current varying in the manner of the electric current 
produced by the original sound wave. The coil experiences vary- 
ing forces in the strong magnectic field and vibrates back and 
forth along its axis. The cone follows this motion and disturbs 
a volume of air, thus reproducing strongly the original sound. 


__ 


APPENDIX I 


ATOMIC PHYSICS 


y No body has ever seen the atom nor is there any chance of 
seeing’ it. Yet to the physicist and the chemist it is as real as 
any piece of matter which may be seen or touched. The reality 
of the atom has been established by hundreds of experiments all 
of which knit into one picture, the central theme of which is the 
atom. In the following sections we propose to outline some of 
the works which led to the present day picture of the atom and 
mention some utilitarian applications of the knowledge we have 
so acquired. 
1l. The Electron. 


The phenomenon of discharge through gases led to the idea 
that the electron is a fundamental constituent of matter. Elec- 
trons given out by different gases have the same ratio of charge 
(c) to mass (m). This ratio, called the specific charge, was first 
measured by SirJ. J. Thomson in 1907. His method consisted 
in allowing a narrow beam of cathode rays to pass through a 
hole in the anode. It was then deflected by electric and magne- 
tie fields. From this deflection e'm could be measured. Later 
on particles of the same e/m were found to be emitted by 
heating or by illumination of various kinds of matter. 


Millikan, an American physicist of great experimental skill, 
measured the charge on the electron by an ingenious method. 
He allowed charged oil drops of microscopic size to enter into a 
narrow region between two horizontal metal plates. A vertical 
electric field could be set up in that region. In the absence of 
the field the particles moved slowly under gravity. When near 
the bottom they were pulled up by applying an electric field. 
Their velocities for the downward and upward motion were care- 
fully measured. From the difference in velocities he could con- 
clude that when the particles carried different charges, the 
difference in the value of the charges was an exact multiple of a 
certain value which he got as 4'77X10-'? esu. This is the 
smallest unit of charge that occurs in nature and is the charge 
carried by an electron. ; 

Following Thomson e/m for electrons was measured by 
various improved methods. The value now accepted is 1'759 x 10 
e.m.u. per gm. Millikan's value for the electric charge has also 
been revised. The present accepted value is 4'808 X 10"? e.s.u. 
of 1:601 X10-??e.m.u. From these two data the mass of the 
electron is found to be 9107 X 10-** gm. 
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2. Positive Rays. 


While investigating discharge through gases, Goldstein, a 
German physicist, made holes in the cathode and found that 
rays came out through these holes. Wien, another German 
scientist, subjected these rays to a magnetic field and found 
from the deflection that they carried positive charge. They were 
therefore called positive rays. J.J. Thomson measured the ratio 
of the charge to mass of these particles and found that the par- 
ticles constituting the rays were much heavier than the electron. 
The ratio e/m depended on the nature of the gas in which the 
discharge took place. These particles were identified as positive- 
ly charged atoms and molecules of the gas. The ratio of their 
charge to mass came out as for ions in electrolysis. 


3. The Proton. 


The ratio of the charge to mass of the hydrogen ion could be 
obtained from positive rays or from electrolysis. The present. 
value is 9'579 x10? e.m.u. per gram. Since the ion carries one 
electronic unit of charge, the mass of the ion is found to be 1837 
times that of the electron, i.e., 1673 x 10-24 gm. (Note that the 
hydrogen atom is uncharged ; hence it must have one electron.) 
Further, a smaller mass than that of this ion has never been 
found in electrolysis. Hence it is proper to consider the hy drogen 
ion to be a fundamental particle. It was given the name proton. 


As early as 1815 Prout Suggested that hydrogen atoms are 
elementary constituents of matter. In that case atomic weights 
of all elements would be integral, since at that time atomic 


weight of hydrogen was taken as unity, Though some elements 


(1919) that positive ions in the discharge through neon consisted 
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_ Frederick Soddy, a pupil of Lord Rutherford and for a long 
time professor of inorganic chemistry at Oxford, gave the name 
isotopes to all atoms of different weight belonging to the same 
element. Isotopes differ only in their masses and properties 
which depend on mass ; they are identical in chemical properties 
and cannot be separated chemically. 

Aston, a British scientist who was awarded the Nobel Prize 
in chemistry in 1922, developed an apparatus for measuring the 
masses of the isotopes of an element. It has been named the 

raph. In it positive ions are deflected by electric 
and magnetic field so arranged that all ions of the same elm are 
brought to a focus at the same point on a photographie plate. 
Since the isotopes differ in their mass, they are brought to a 
iocus at different points on the plate. A mass spectrograph of 
high precision and of different construction has also been devised 
by Bainbridge, an American physicist. 

Practically all elements have been examined for isotopes by 
the mass spectrograph. Most elements are now known to have 
2 to 10 isotopes. It is also possible to compute their relative 
abundance, and from that the mean atomic weight. This value 
agrees remarkably well with the chemical atomic weight and in 
some cases have corrected the latter value. 


A remarkable fact emerges from the value of isotopic 
masses, they are very close to integers. 

At this stage it may be useful to remember the way certain 
quantities are defined : 

Atomic weight. Oxygen has three isotopes of masses practi- 
cally in the ratio 16 : 17: 18. The lightest is the most abundant. 
For every ten thousand atoms of the lightest kind there are only 
sixteen of the heaviest (18) and three of the other (17). The unit 
of mass in terms of which the atomic weight is expressed in one- 
sixteenth of the mass of the lightest and most abundant oxygen 
isotope. On this basis the atomic weight of hydrogen is 100756. 
Atomie weight may be defined as the average weight of all the 
isotopes of an element weighted according to relative abundance 
and expressed in atomic mass units. 

Atomic number of an element is the number ascribed to it 
in the periodic table of elements. We later came to know that 
this is also the number of electrons in an atom of the element, 
as also the number of protons in its nucleus. 

Mass number of an isotope is the whole number nearest to 
the mass of an isotope measured in atomic mass units (i.e, the 
lightest oxygen isotope as 16). 

5. Radioactivity. 

Another line of investigation which greatly increased our 

knowledge of the atom, rather of the atomic nucleus, had in the 
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mean time been initiated by Becquerel (1896) a French physicist 
and followed by many others including Pierre Marie Curie, 
husband and wife. 


Becquerel found that uranium compounds continuously 
emitted radiations that were very much like X-rays. The rays 
could pass through black paper,ionise gases and affect photo- 
graphic plates. To this phenomenon the same radioactivity was 
given. 


Soon after Becquerel’s discovery the Curies found that pitch 
blende, an ore from which uranium is chiefly obtained, gave rise 
toa stronger radioactivity than could be expected from the 
uranium it contained. The Curies treated a ton of this ore: in 


them are isotopic, but differ in radioactive properties. Of the 
other elements Potassium, rubidium, samarium and very recently 
carbon have been found to contain a very small amount of a 


The unravelling of the mysteries of radioactivity owes much 
to the genius of Rutherford,* acclaimed by many as the greatest 
living experimental physicist of his times. 


We give below an account of the properties of the radiations 
given out by radioactive elements and some facts which have 
been established in connection with radioactivity, 


6. Properties of Radiations from Radioactive Elements, 


It is now known that radioactive substances emit three 
kinds of rays, viz. alpha ( X) rays, beta (8) rays and gamma 
y ) rays. They have properties as follows : 


*Madame Curie has the unique distinction of receiving the Nobel 
prize twice, tho first time in physics in 1903 jointly with her husband 
and Becquerel, and the second time in chemistry in 1911, 


*Ernest Rutherford ( 1871-1937), born at Nelson, Now Zealand, 
educated there and at Cambridge. In 1894 he became professor of Physics 
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Alpha-rays. (3) Deflection experiments in electric and 
magnetic fields have proved that the rays consist of Pra 
charged particles whose ratio of charge to mass (e/m) is half 
that of the hydrogen ion. The particles are called « particles, 

(ii) They are emitted by atoms of the active element and 
come out with velocities of the order of magnitude 107 cm per 
sec. Each element emits particles of a definite velocity. 

(iii) Each «-particle carries & charge equal to double that on 
an electron. Since e/m is half that of the hydrogen ion, the mass 
of an «particle is four times that of the hydrogen atom. The 
helium atom has such a mass. 

(iv) Sir William Ramsay proved definitely that «-partieles are 
helium ions with two electronic units of positive charge. The 
helium atom is now known to have only two electrons. Hence 
the «particle is nothing other than the nucleus of the helium 
atom. 

(v) «-particles have unusually high ionising power and pro- 
duce thousands of ion pairs before they are absorbed. In air at 
atmospheric pressure they can travel from 8 to 8 cm before 
being absorbed, the distance depending on the initial velocity. 
This distance is called the range of the particle. Particles from 
a given source have a definite range. By measuring the range 
it is possible to identify the source. 

In denser material the range is proportionately less. 

(vi) «-partieles porduce scintillations (i.e, tiny distinct 
flashes of light) when they fall on a zine blende screen. Each 
flash is due to a single 4-particle and may be seen through a lens. 
They also affect photographic plates and produce fluorescence. 

Beta-rays. (i) Deflection experiments in electric and mag- 
netic fields show that B-rays are identical with cathode rays or 
steams of electrons ; but their velocities are very high, approach- 
ing in some cases more than 99% of the velocity of light. 

(ii) They can travel much farther in air or any other sub- 
stance than <-particles before they are absorbed. The fastest 
B-particle is completely absorbed by 8 mm of lead. 

(iii) They produce much less ionisation than «-particles, 
about one-hundredth less for the same distance traversed. 

(iv) They also cause scintillations on a zino blende screen, 
but tho flashes are much less brilliant. Like «-particles they 
affect photographic plates and cause fluorescence. 

Gamma-rays. (i) The y-rays are not deflected by electric 
and magnetic fields: 

(ii) They have a very high penetrating power, much more 
than ordinary X-rays. They can pass through iron or lead plates 
several cm thick. 
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(iii) They have all the properties of X-rays and have been 
identified as waves of the same nature as that of X-rays, but 
with an even shorter wavelength. 


(iv) Their ionising power is roughly one-hundredth less than 
that of B-rays. 

(v) They affect photographic plates and produce fluorescence 
in many substances. , 

(vi) Those elements which emit B-rays, also emit y-rays 
without exception. The faster the B-rays, the more penetrating 
the y-rays &ccompanying their emission. 

Because of their high penetrating power and selective action 
on dividing cells gamma rays found special application in the 
treatment of cancer. Radium gives a copious emission of gamma 
rays. Salts of radium are kept in thin platinum ‘needles’, which 
are inserted into the cancerous tissue and left there for some 
time for irradiation of the affected organ. 

7. Some Facts about Radioactive Disintegration. 


No external factor, such as pressure, temperature or che- 
mical combination, affects the rate at which the rays are emitted 
of the active substance. It depends on the mass and nature of 
the active substance. From this and other experiments it was 
concluded that radioactivity is a phenomenon associated with the 
individual atom and the rays originate from within its nucleus. 
When an atom emits a particle it is said to disintegrate. Tt is 
not possible to predict when a particular atom will disintegrate 
and emit a ray. But it is possible to say how many atoms will 
disintegrate in a given time. If No is the number of atoms 
present initially, the number N, that will remian after a time ¢ 
is given 

NN. 


Where A is a constant for a given radioactive element and is 
calledits decay constant ; e is tho Naperian base of logarithms 
(2°71898...... ) It may be shown that in a time t=0'69/ A , the 
number of atoms reduces to half. In the next interval of the 
same value it reduces to half of what was left. This time 
interval is called the half-life. 


charge of two positive units and a mass number 4, The f- 


When an atom emits an *-particle, the charge on its nucleus 
diminishes by 9 units and the mass by 4 units. Henco it be- 
comes a new element whose position on the periodic table is 
two places lower and the mass number is four unita less. 


When the nucleus emits a B-particle, the positive charge on 


the nucleus increases by one unit, while the mass remains the 
same. The new element into which the atom is converted by the 
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-disintegration advances one place along the periodic table ; but 
the mass number remains the same. 

We said we know about forty natural radioactive elements. 
They ean be traced to one of three parent atoms, viz., uranium, 
thorium or actinium. Radium, so well known, is a disintegration 
product of uranium. After successive transformations all the 
.Above elements end in lead, which is non-radioactive. 


8. Evidence for the Atomic Nucleus. 


In 1911 Lord Rutherford studied the passage of «-particles 
through thin foils of solid matter. He found that the particles 
passed through thin sheets of matter, but were deflected out of 
their path, some by more than 909. From these experiments 
he concluded that 

1. Material bodies have a very empty structure, like that 
of the solar system. 

9. The atom has a highly concentrated massive nucleus 
carrying a postive charge. 

8. The amount of charge on the nucleus is equal to the 
atomic number of the element. 

4. The nucleus has a radius of the order of 107? cm. 
(The size of an atom from other experiments was found to of the 
order of 107? em). 

9, Artificial Disintegration. 

Atomie nuclei are very tiny bodies and resisted all assaults 
on them prior to 1919. In that year Lord Rutherford succeeded 
in disrupting the nucleus of nitrogen by bombarding the gas with 
«-partieles from a natural radioactive substance (RaC). The 
change that occurred-may be represented by an equation of the 
kind that represents a chemical reaction: 

;He* 4 A aie =(,F1})= SE. zu 1H* 
The symbols represent the elements. The number at the top 
right corner gives the mass number of the reacting nucleus and 
that at the bottom left the atomic number or the charge in 
electronic units. In the equation the charges and masses are 
conserved. The total charge on the left must be equal to that 
on the right. The same applies to the mass. 

»He* represents the <-particle, which has a mass number 4 
and a charge of 2 units. ;N'* is a nitrogen nucleus of mass 
number 14 and charge of 7 units. In reaction they momentarily 
combine to give a fluorine nucleus of mass number 4+14=18 
and charge 2+7=9 units. The amount of charge on the nucleus 
determines the chemical nature of an atom. The fact that the 
charge is 9 units determines that it will be a fluorine nucleus, 
for the atomic number of fluorine is 9. This nucleus immediately 
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splits into a proton, 1H* (mass number and atomic number both 
equal to one), and an oxygen isotope &4O!*. Rutherford detected 
this proton. 


In this experiment nitrogen has been transmuted into oxygen. 
Could it lead to a realisation of the alchemists' dream of con- 
verting base elements into gold ? 


In any case a path has been laid open for leading an attack 
on the atomie nucleus. All that is needed is to get hold of highly 
energetic minute particles and hurl them at the nucleus. If 
there is s direct hit, chips may be broken off from the nucleus. 
In this way the details of its structure may be understood. 


Ithas now been possible to prepare in the laboratory very 
powerful missiles needed for the purpose. The consist of such 
particles as the proton and the helium nucleus speeded up by 
suitable devices so as to acquire speeds corresponding to a fall 
of potential of several millon volts. The most powerful machine 
which gives this speed is the cyclotron, devised and developed by 
E.O. Lawrence* and his team. There are other, but less power- 
ful, devices. The eloctron can now be speeded up to several 
hundred million volts of energy in devices known as the betatron 
and the synchrotron. 


There is yet more powerful tool than the above for attack- 
ing the nucleus ; it is the neutron, discovered by Chadwick in 
1932. 


10. Discovery of the Neutron. 


In 1920, Bothe and Becker, German physicists, found that 
when beryllium was bombarded by «-particles other rays of very 
great penetrating power were emitted. They were at first thought 
to be very hard y-rays. But Mme. Irene Curie Joliot 
(daughter of Marie Curie) and her husband, M. F. Joliot, showed 
that when these rays passed through paraffin, protons of enorm- 
ous velocitios were ejected. This is unlike the behaviour of 
y-rays, which are never known to eject protons. The rays must 
be of a new kind. 


In 1982, Chadwick, a pupil of Rutherford at Cambridge, was 
able to show that the penetrating rays were uncharged particles 
having the mass ofa proton. He called them neutrons ond 
suggested that the neutron is a fundamental particle. For this 
work he was awarded the Nobel prize in physics in 1985. 


"Ernest O. Lawrence (1901—), American ex erimental physicist, 
appointed professor of physics at tho university of California in 1930 and 
Director of the Radiation Laboratory in 1936. In 1939 he was awarded 
the Nobel Prize for the invention and development of the cyclotron. 
When the news reached him he is reported to have said, “The Radiation 
Laboratory is honoured.” During World War II he was in chargo of 
project leading to tho isolation of uranium 235 used in atomic bombs. 
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Because the neutrons have no charge and are massive, they 
can penetrate into matter much more easily than «, f or y-rays. 
Neutrons are unaffected by the charges on the electrons and the 
nucleus of an atom. Only a collision with the atomic nucleus 
can stop them. They hardly produce any ionisation. 

The modern idea of the atomic nucleus developed in the years 
following Chad wick’s discovery. According to this idea à nucleus 
of mass number M and atomic number Z has Z protons and M-Z 
neutronsin it. The proton and the neutron being nearly as 
heavy as the hydrogen atom, we get an explanation of why the: 
atomic weights of isotopes are nearly integral multiples of that 
of hydrogen, a fact which at an earlier stage appeared to support 


Prout's hypothesis. 
1l. Energy of Binding of the Nucleus. 


Within the nucleus the protons and neutrons are held 
together by very strong forces. A large amount of energy is 
needed to separate any one of them from binding. An idea oí 
the binding energy of the nucleus may be obtained from a con- 
sideration of the mass of the nucleus and of its component protons 
and neutrons. All these masses are now kno*n with great 
precision. It is found that the mass of the nucleus is less than 
the sum of the masses of its components. The difference is called 
the mass defect of the nucleus. 

According to the theory of relativity propounded by Einstein, 

mass is equivalent to energy, & mass m being equivalent to an 
energy E where 
E-mc* 
c being the velocity of light. The truth of this relation has been 
established beyond doubt in experiments on the atomic nucleus. 
In the laboratory mass has been converted into energy and 
energy into mass. The process is also going on in Nature. The 
sun derives its energy by converting its mass. 

The mass defect gives the binding energy of the atomic 
nucleus. For Li”, the mass defect is 049 mass unit (remember 
that one mass unit is one-sixteenth the mass of the lightest 
oxygen isotope). This mass is equivalent to an energy of 
63x 10- erg. The figure appears too small to be impressive ; 
but to acquire this energy an electron will have to fall through 
a potential difference of 39 X 10*° volts. 

The electron-volt. The energy of atomic particles are ordi- 
narily expressed not in ergs but in another unit called the electron- 
volt. It is the energy which an electron would acquire in falling 
through a potential difference of one volt. 

1 electron-volt 1 volt X 1 electronie charge 


1 , -10 : -13 
= x = x 10 ] 
300 x48X10-1? erg 6X1 erg 


the order of many million electron-volts 


Nuclear energies are of 
Mev =10° electron-volts. 


(Mev). 1 


-506 ATOMIC PHYSICS 


12. Cosmic Rays. : 

The study of another phenomenon in which the atomic 
nucleus is involved, was in the mean time taking strides. It has 
long been observed that it is impossible to prevent a charged 

*electroscope from discharging slowly inspite of the best insulation. 
‘This behaviour of the electroscope indicates that there is a cons- 
tant, though slight, ionisation of the air surrounding the electro- 
‘scope leaves. To explain this residual ionisation Hess, an Aus- 
trian scientist, suggested that they are due to very penetrating 
rays coming from outside the earth. The existence of such rays 
was confirmed by Hess and many others. Hess was awarded 
the Nobel Prize in 1936 for this discovery. He made balloon 
ascents to a height of 5'4 km and showed that the ionisation of 
the air first decreased and then actually increased with height. 
‘The rays were called cosmic rays. Tho study of cosmic rays was 
soon extended by leading physicists all over the world. 

The rays have very high penetrating power, much more than 
the hardest X- or y-rays. They have been detected under great 
depths of water and in mines. World wide surveys proved that 
their intensity varies with geomagnetic latitude. This could be 
-explained only on the assumption that the rays consist of charged 
particles on which the earth's magnetic field acts as a huge 
mass-spectrograph, concentrating rays of different energies at 
different places. Measurements show that cosmic particles have 
unbelievable energies, which may be as high as 102” electron 
volts. Even the heaviest atom will not give this energy when 
its mass is completely converted. 3 

No Explanation has so far been found as to where and how 
these rays originate. They bombard the earth pratically uni- 
formly from all sides ; so they cannot have their origin in parti- 
-cular stars, star-clusters or galaxies. 

Cosmic ray particles which enter the earth’s atmosphere from 
outside consist mostly of protons*. These first entrants are called 
primary particles. They react with the nuclei of atoms in the . 
atmosphere and produce various kinds of particles called 
secondary particles. Of these secondaries two arbnew to us; 
they are the positron and the meson. 

positron. Tho positron or the positive electron was dis- 
covered. by Carl Anderson, of the California Institute of Techno- 
logy in 1933. It has the same mass as the electron, but a 
positive charge. It is a fundamental particle, but does not exist 
as such in the atom. It is created during some nuclear reactions. 
: of positrons in cosmic rays they 

have also been found in nuclear reactions brought about in the 
laboratory. The existence of such a particle was predicted on 
theoretical grounds by Dirac, one of the most outstanding Eng- 
lish theoretical physicists of the day (Winner of Noble Prize in 


*These are also some «-particles and heavier nuclei. 
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Physics 1933. Anderson was awarded the Nobel Prize in 1936 
for his discovery of the positron). 

Positrons do not exist long in the free state. As soon as & 
positron meets an electron, the two are annihilated producing 
two y-rays. This is an example of the conversion of matter into- 
energy. The transformation of energy into matter occurs when 
a sufficiently energetic y-ray passes close by an atomic nucleus. 
It gives rise to an electron-positron pair. This is known as pair 
production. Such processes take place abundantly in cosmic 
rays. 
Mesons. In 1935 Yukawa, a Japanese physicist, was led 
to assume the existence of a charged particle which would have 
a mass about 200 times that of the electron. About two years 
later cosmic ray investigators came across such particles. They 
have both positive and negative charges, and masses intermediate 
between the electron and the proton. The charge on them is 
equal to that on an electron. They are now called mesons. 
Yukawa was awarded the Nobel Prize in 1949. 


There are positive, negative and neutral mesons. For the 
same charge mesons have various masses ; the most important 
are (i) the z-meson or pion and (ii) the u-meson or'muon. The 
pion is 273 times heavier than the electron, and the muon 207 
times. Both have short lives, the pion of about 10-§ sec and the 
muon of 10-7 sec. Most of the mesons in cosmic rays in the 
lower atmosphere are muons. They have great penetrating power. 

Primary cosmic rays of high energy, upon entering the earth’s. 
atmosphere, soon collide with atomic nuclei. Asa result of such 
a collision several mesons, both positive and negative, may be 
produced in a manner similar to pair production. At sea level 
bulk of the cosmic rays consists of mesons, and of positrons and 
electrons into which they have changed (or 'decayed'). The 
former is the more penetrating part and is called the hard 
component. The latter components are more easily absorbed 
and constitute the soft component of cosmic rays. There are 
plenty of y-rays (or photons as they are called) accompanying 
cosmic radiation. 

Tt has recently been possible to produce mesons in the 
laboratory by bombarding light nuclei with very highly energetic. 
«-paxticles. 

13. Artificial Radioactivity. 

Stable nuclei when bombarded by «particles, protons or 
neutrons may capture one of these particles, become unstable, 
and then spontaneously disintegrate as do natural radioactive 
nuclei. The phonomenon, known as artificial radioactivity or 
induced radioactivity, was first observed by Irene and M.F. Joliot 
in 1934. They found that aluminium (1 5Al?*) bombarded by 
4-particles, shot out neutrons. The reaction is 


à 5 A137 --,He*—, , P*9 4 on™ 
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(on* represents a neutron. Its mass number is one and charge 
is zero). 

When radiation by <-particles was stopped there was no 
further emission of neutrons, but the irradiated substance con- 
tinued to emit positrons. The phosphorus nucleus which. has 
‘been formed by «-radiation is unstable and 'decays' into silicon 
with the emission of positrons 

: 13P* ?—*,,8i*? +, 6% 
( nts a positron, having mass number zero and charge 
one. 
The half-life of the radio-phosphorus was found to be 3 
minutes. 

Since this discovery by the Curie-Joliots (Nobel Prize in 
chemistry in 1935) it has been possible to induce radioactivity in 
almost all elements of the periodic table (except the simplest) 
and get numerous active isotopes of the elements. Elements not 
known on the earth have also been produced. The credit for 
the largest part of this work goes to Lawrence and his collabora- 
‘tors working with the new cyclotron at Berkeley. 

Artificial radioactivity has opened a new line in medical and 
biological investigations which offers great promise. An arti- 
ficially radioactive substance, such as radio-calcium, radio- 
phosphorus, radio-sodium etc., is injected into tissues and the 
‘progress of the radio-atoms followed. The ease with which the 
labelled atoms may be followed in their course makes the method 
a very promising one for the elucidation of various medical and 
biological problems which have so far defied solution. 

New Elements. Elements of atomie numbers 48, 85 and 87 
have not been discovered from natural sources on the earth. 
But they have been produced in the laboratory by transmuting 
neighbouring elements. Nuclear physicists are of the opinion 
that nuclei with the above number of protons are fundamentally 
unstable and should not éxist in nature. 


The periodic table used to end with uranium (Art. number 92). 
Elements of higher atomic numbers are not known to exist on 
‘the earth. Bat several such elements have been made in the 
laboratory, extending the periodic table to element 102. N. ormally, 
the amounts prepared are very small ; but plutonium (element 94) 
is required in large quantities for the manufacture of the 
-atomic bomb. 

14. Nuclear Fission. 

In 1939 an important discovery was made by Hahn and 
‘Strassman, German physicists. They bombarded uranium with 
neutrons and found to their amazement that Many uranium 
nuclei were split up into two nearly equal parts in the process. 


Uranium has three isotopes, 238, 235 and 234, of which the 
first is the most abundant. The last one occurs in traces only. 
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The isotope U 235 exists in the proportion of about one part in 140 
in natural uranium. It has now been established that it is this 
isotope* which breaks up in the above manner. The process is 
called neuclear fission. 

Just as a water drop splashes out small droplets as it breaks, 
the U 235 nucleus gives out some 2 or 3 neutrons as it breaks 
into nearly equal fragments. ‘The fission is accompanied by the 
release of an enormous amount of energy. This comes from the 
conversion of a portion of the nuclear mass into energy. Asan 
example consider the following fission : 

pale n er Xo! *! + , Br? + 49n* (four neutrons) 


If the masses are added up on the right hand side, the sum falls 
short of the mass on the left by 0296 atomic: mass unit i.e. 
about 0°1% of the total mass. Since annihiliation of one mass 
unit gives 931 Mev of energy, each fission releases about 200 
Mev. If 1 kg of uranium undergoes fission, the mass converted 
into energy will be 1 gm. This, be Einstein’ s equation H=me’, 
gives 9X 10*? ergs which is approximately equal to the energy 
liberated by about 1000 tons of T.N.T, one of the highest 
explosives. 
15. Atomic Energy. 

Hahn's discovery paved the way for the atomic bomb as also 
for the application of atomic, rather nuclear, energy for humane 
purpose. For the former the energy liberation must take place 
within a very short time ; for the latter the process must be slow. 


The Atomic Bomb. The first atomic bomb was made of 
pure U 235 which was separated from the pure metal by elaborate 
physical methods. The explosion is brought about by the 
neutrons given out during fission. Each fission gives about 2 to 
8 neutrons. They in their turn bring about fission in others, 
In order that this chain reaction may continue with explosive 
violence, the amount of uranium must have a mass greater than 
a certain critical value. 

‘A very small number of uranium nuclei (about 5 per kilo- 
gram per second) undergo fission spontaneously. In the bomb 
the total quantity of uranium is kept in separate pieces each 
smaller than the critical mass. To explode it the pieces are 
brought together very quickly. A spontaneous fission supplies 
the neutron necessary to start the chain reaction. In about 
one-millionth of & second the bomb explodes. 

Plutonium 239 has been found to be more efficient in this 
respect than U 235. Pu 289 can be obtained from U 238 by 
neutron bombardment. It is made in the uranium pile in this 
way and used for the production of atomic bombs. 

Nuclear Reactors. These are atomic furnaces in which some 
fissionable material in the fuel. The uranium pile U 235 is the 
fuel. U 235 is made to undergo fission at & controlled rate by 
means of slow neutrons, which are particularly efficient in 
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bringing about fission. The neutrons emitted during fission and € 


other nuclear reactions which occur in the pile are very fast. They 
are slowed down by collision with carbon atoms in graphite 
blocks interspersed within the pile, in which pure uranium is 
kept tightly sealed in aluminium containers. The rate of fission 
is controlled by cadmium rods, which absorb slow neutrons. 


The by-products of the nuclear changes in the pile are 
plutonium anda large number of other radio-elements. The: 
pile is a very powerful source of neutrons. Other elements may 
be inserted into it for irradiation with neutrons to make them 
radioactive. The heat given out by the pile is immense and may 
be used as a source of energy as from the combustion of coal. 


Anatomie reactor cannot be made small in size. Any 
transport vehicle which wants to use atomic fuel must be large 
and able to carry a dead load of many tons. 

There are various kinds of nuclear reactors, 

The Sun’s Energy. The source of energy of the sun has been 
a mystery for a long time. It appears that scientists have now 
found a solution. 


The temperature in the interior of the sun is about 20 million 
degrees centigrade. At such high temperatures atoms are 
stripped of their electrons. In 1938, Bethe, a German scientist, 
closely studied known nuclear reactions and suggested that the 
generation of energy in the sun is due to conversion of matter 
into energy in its central core. The probable reactions according 
to him are as follows : 

t T IIO Te? 
ug SERI N+ o 
1 7 m 7 Tae 
,H* No r^ Nap d ,He* 

The net result of the reactions appear to be a synthesis of 
helium out of hydrogen, the carbon nucleus acting as a catalyst. 
The mass of the helium nucleus is smaller than the aum of the 
masses of four protons by 00275 atomic mass unit. 


The suggested reactions are consistent with the temperature 
of the core of the sun; also the probable rate at which energy 
is released in this way agrees with the rate of radiation loss from 
the sun. The sun radiates 3'8x10?? ergs of energy per sec. 
This is equivalent to nearly 4'5 million tons of mass lost per sec. 
Compared with the mass of the sun, this mass is very small. 
At this rate the sun will lose only a ten-millionth part of its 
mass in à million years. 

Atomic Fusion. (reat amounts of energy are released in 
certain reactions when two light nuclei combine to form a more 
complex nucleus. The process is known as atomic fusion. Atten- 
tion of scientists is now concentrated on generation of energy 
by atomic fusion. The hydrogen bomb involves atomic fusion. 


( 


APPENDIX II 
ELEMENTS OF AERONAUTICS 
1. Streamline and Turbulent Flow, 


The study of fluids in motion is more complicated than that 
of solids. The motion of a fluid may broadly be divided into 
two classes, viz. (i) steady, stationary or streamline flow and 
(ài) turbulent flow. 

Streamline flow. A fluid which flows so that its velocity at 

each point is c onstant in magnitude and direction is said to have 


a steady, stationary or 


-pem 


a fluid moving in a pipe Z227 
as shown in Fig. 1 =~ 
Particles at the points 
A, B, O, etc. have velo- 
cities vı, Ve, Us, etc. 
respectively at a given E 
time. If, as time goes - 
on, the velocity of what- 
ever particle happens to Fig. 1 
be at A is stillv,, that 
at B is va and so on, the fluid will be said to have a steady 
or streamline flow. The path followed by a particle in 
steady flow is called a streamline. Fig. 1 shows a number of 
them (those given in broken lines). No two streamlines can 
cross each other, for then the particles at the intersection 
would have to move in two directions at the same time, which 
is impossible. (Note the similarity between streamlines and lines 
of force in a magnetic or electric field.) Streamlines have the 
further property that the tangent to a line at any point gives the 
direction of flow of the fluid at that point. When the streamlines 
crowd together the velocity of flow increases; when they are 
farther apart the velocity diminishes. This behaviour is also 
similar to that of lines of force, a ‘crowding of which means 
increased field strength. 

If we consider the streamlines passing through the boundary 
points of a closed surface perpendicular to the lines (Fig. 2), the 


Fig. 2 


Part 11—33 
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part of the fluid bounded laterally by such streamlines is called 
a tube of flow. A particle within a tube of flow continues to be 
within that tube, however narrow it is. 

In steady flow there is no aceumulation of the fluid anywhere 
in a tube of flow. If the fluid is incompressible, as liquids are 
for most practical purposes, the volume of a liquid that moves 
past any section of a tube of flow in one second will also be the 
volume which crosses any other section of the tube. If A, and 
Ag are the cross-sections, and v, and va the velocities at the two 
places, we shall have. 


4394 =Agvs or U, [vg Ag! A, 


i.e., the velocity is inversely proportional to the cross-section of a 
tube of flow. 


In the case of compressible fluids i.e., gases, the mass 
entering or leaving a tube of flow at any section is constant. Tf 
d represents density, we shall have 


A1v1d, — Asvsdg 
Turbulent flow. Steady flow is an ideal state which can be 


realised only approximately. In aetual cases there are always 
eddies or turbulence. : 


d The distinction between steady 
e flow and turbulent flow can be de- 
JE SERO Maat monstrated by means of a simple ex- 
periment. It consiste in feeding a thin 

thread of highly coloured liquid into 
(bh) > the centre of a tube through which 
the same liquid, uncoloured, is flow- 

Fig. 3 ing (Fig. 3). The velocity of flow of 


the liquid should be capable of being 
altered over a considerable range. 

At low speed the coloured thread of liquid remains unbroken 
and continuous (Fig. 3a). When a certain critical speed (depend- 
ing on the size of the tube, roughness of its inner wall and the 
natureof theliquid) is exceeded, the coloured thread will be 
violently agitated and its continuity broken by eddies (whirlpools). 
A flow of this kind is called turbulent flow. 


Turbulent flow is characterised by the formation of small 
eddies. The eddies may be easily seen when a solid object is 
moved through a fluid, or, what is the same thing, when a fluid 
is allowed to flow past a stationary object at any but the smallest 
velocities. 

Consider a cylinder, with its axis vertical, placed in a stream 
of water. If the velocity of the stream is very small, the flow of 
water past the cylinder will be streamline flow as shown in 
Fig. 4(a). The flow lines may be demonstrated by sprinkling 
lycopodium or cork dust on the liquid surface. 
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When the speed of the water exceeds a certain critical value, 
the smooth streamline flow breaks down. The flow pattern then 
appears as in Fig. 4 (b). Small eddies are found to form behind 
the object. 

A marble ball falling through a tower of glycerine follows a 
straight path because there is little or no turbulence accompany- 
ing its motion through the viscous medium. But when the same 
ball falls through water it will follow an irregular path due to the 
formation of eddies behind it. 

When the velocity of the fluid is rather great the eddies are 
formed alternately on the two sides to the rear of the obstacle, 
The waving of a flag at the top of a pole is an example of such 

eddies. è 
2. Bernoulli’s Theorem, 


A theorem of great importance in understanding the be- 
haviour of fluids in motion is due to Daniel Bernoulli (1700— 
1782), Qualitatively it may be expressed by saying that 


Where the speed of a fluid is high, the pressure is low ; and 
where the speed is low the pressure is high. 


Fig. 5 


We may easily arrive at the result by considering a tube of 
flow (Fig. 5) in a frictionless, incompressible fluid, having steady 
flow. Let the velocity at any cross-section of the tube be uniform 
throughout the section. 

Consider the cross-section at any two places marked 1 and 

.9. Let the sectional areas be A, and A», the velocities at the 
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places be v, and va, the height of the sections above a conve- 
nient datum plane be hı and ha, and the pressures of the liquids, 
as measured by manometers, be respectively pı and po. 


Since the liquid does not accumulate within the tube, the 
same mass m will pass any section of the tube ina given time. 
The volume of this mass is m/d, where d is the density of the 
liquid. The work done in bringing this mass of the liquid to 
the conditions existing at section 1 consists of three parts, viz., 

(i) Work required to elevate it to the height h, above the 
datum plane=mgh, ; 


(ii) Work done in giving it the kinetic energy = 3mv,? ; 


(iii) Work done in forcing the volume m/d into a region 
where the pressure is p, = p,m/d. 

Since the liquid is frictionless and does no work, the energy 
that enters section lin a given time is also the energy which 
leaves section 2 in the same time. Hence. 


mgh, 4 3mv,?  pym[d — mghs - ow? + pem/d. 


If we divide throughout by mg, we get the corresponding values 
per unit weight of the fluid. Thus 


2 2 
ATE Ua oto BAINNE i) 3.1). 
1 9g + vd ha + uz (2.1) 
The sum of the three terms on either side of this equation. is 
spoken of by engineers as total head. ji is called the elevation 
head, »?/2g the velocity head and p/gd the pressure head. 


If the pressure p is given by a height h’ of the same liquid 
in a manometer tube, then p=h'gd. The pressure head is then 
h’. Merging it with the elevation head and writing H for h+h' 
we have 

v’ va? 
Rr eae aaah a (2.2) 
It follows from this equation that when H is high, v is low and 
vice versa. 


The contents of Eq 2'1 may be expressed in words as follows : 


If no work is done on or by an incompressible liquid as it 
flows, the total head along a stream line remains constant. This 
is Bernoulli’s theorem. While rigorously correct only for incom- 
pressible, non-viscous liquids, the theorem may be applied to 
ordinary liquids with sufficient accuracy for most engineering 
purposes. The theorem is also applicable to gases, but the 
mathematical treatment is complicated by the fact that gases 
are highly compressible. Yet the general effect is the same as 
for liquids, viz. that when & flowing stream of gas speeds up, its 
pressure decreases, and vice versa, 
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Examples illustrating Bernoulli's effect. A lack of clear 
understanding of Bernoulli's prineipal has led some people to think 
i that it is a physical paradox and 
contrary to common sense. But 
this idea is entirely wrong ; Ber- 
noulli’s principle has a solid foun- 
dation. The following cases illus- 
trate its truth, 

(i) Consider water flowing 
steadily through a horizontal pipe 
) of varying section (Fig. 6) To 

Fig. 6 get the pressure at different points 
narrow vertical tubes, open at the top, are attached to the pipe. 
As the water flows, the height to which the liquid is pushed up 
in à tube measures the pressure at the lower end. Experiment 
shows that the pressure is greatest 
where the pipe is widest, and least F 
where the pipe is narrowest. The — v, 


velocity of water is least at the E 
widest part of the pipe and greatest — A 


at the narrowest part. This is also E— EU 
what we get from  Bernoulli's LEED 


= 
theorem. cR >) 
(ii) When two ships move side | € 
by side and are parallel to each F 
other, they tend to come closer and Fig. 7 


closer together. The relative mo- 
tion of the ships with respect to water would be the same if the 
ships were considered stationary and the water flowing in the 
opposite direction. The water entrapped between the ships 
moves faster because of the narrower space. In consequence 
the pressure in the water between the ships is smaller than that 
on the far sides of the ships. The excess pressure on the far sides 
tends to bring the ships closer. 

(iii) Flight of a spinning ball. —————— 
A ball, if given a spin when it 
is thrown or hit, curves, as it $ 
moves, in the direction in which ! 
it spins. Suppose the ball is ETD EE 
spinning in a counter-clockwise ~ a aay 
direction while it is moving to- 
wards the right in still air (Fig. — 
8) The effect would be the ____«= EN 
same if the ball were spinning 
on a stationary axis and the 
air moving towards the left. urki 
As the ball spins, a layer of air .—————— 570 meam L 
clings to it and is carried around 
with it. Ata point close to the Fig. 8 


—_ | 
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ball the velocity of air is made up of two components, one due 
to the wind and the other to the spin of the ball. At ‘a’ these 
velocities are in opposite direction and at ‘b’ in the same direc- 
tion. The velocity at ‘a’ being smaller than that at ‘b’ the 
ball experiences a greater air pressure at ‘a’ and a smaller pres- 
sure at b’. The unbalanced pressure displaces the ball towards 
the side of ‘b’ as it flies. 

. (iv) Ball supported by a jet of water or air. The behaviour 
of a ball supported in a jet of water or air is explained in a 
similar manner. If a small ‘ping-pong’ ball is placed in a vertical 
stream of water or air, it will rise to a certain height above the 
nozzle and stay at that level, spinning and dancing around 
Without falling. The jet sets the ball in rotation as shown in 
Fig. 9. Over the surface A velocity is higher and the pressure 
less than at B. The larger pressure at B keeps the ball pressed 
to the jet, 


A 


Fig. 9 Fig. 10 

(v) The sprayer (Fig. 10), which is used for spraying disin- 
fectants, germicides or perfumes (also known as the atomiser), 
is another familiar example. The rapidly moving stream of 
air reduces the pressure on the liquid in the tube, so that 
atmospheric pressure pushes the liquid up the tube to be blown 
out in the form of a spray. 

Numerous other examples may be provided. The blowing 
off of the roof of a house during a storm without any other 
damage to the house is a case which may be understood on 
Bernoulli's principle. A high wind blowing over the roof creates 
a low pressure on the house top. The atmospheric pressure 
inside the house, where there is no wind, lifts the roof. 


3. Motion of a Flat Plate through Air, 


Consider a flat plate being moved through air parallel to 
itself with a small angle between its plane and the direction of 
travel. The case is the same as if the plate were held stationary 
and the air allowed to flow past it with the same velocity 
(Fig. 11). 


The plate is found to experience a resistance to its motion, 
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the total resistance F being inclined farther back than a right 
angle to the plate, as shown in the figure. 
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Fig, 11 

Several factors contribute to this resistance. They may be 
considered as follows : 

(i) Deflection of air stream. Let us ignore the flow pattern 
(i.e. the distribution of stream lines) at the first instance. In 
this idealised case we find that when the air strikes the lower 
surface of the plate, it rebounds in the direction indicated by the 
dotted arrows, ‘The plate thus changes the direction of motion, 
and hence the momentum, of a quantity of air. It therefore 
exerts a force on the air, and will itself be acted on by an equal 
and opposite reactional force. In this simple case the force will 
be normal to the plate. 

The magnitude of the force is determined by Newton's 
Second Law of Motion : Foree=mass ‘of air)Xacceleration. 
The greater the mass of air deflected downwards, the greater will 
be the reaction. Hence to get a large force on the plate (1) it 
must move fast and (2) have a wide span, so that it meets large 
masses of air each second. 

(ii) Pressure difference between top and bottom. When the 
flow pattern is considered, we find that both the upper and lower 
surfaces of the plate contribute to the force on the plate. 


(a) When the angle of incidence, also called the angle of 
attack (x ; Fig. 11), is small, the flow of air past the plate may be 
considered as streamline flow. The distribution of streamlines in 
this caso is shown diagrammatically in Fig.12. They are crowded 
nearer together on the top surface and are farther apart on the 
bottom, particularly towards the front. A crowding of stream- 
lines means an increased speed of flow. According to Bernoulli’s 
theorem the lateral pressure is small when the speed is high. 
Thus the pressure on the top surface will be smaller than that 
on the bottom. The actual pressure, however, varies from place 
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to place on the plate, being governed by the density of the 
streamlines at the place. This gives rise to a distribution of 


o 
= 
< 


Fig. 12 


pressure on the surface somewhat like that shown by the dotted 
lines. The pressure on the top surface is lower than the atmos- 
pheric pressure while that on the bottom is higher. The length 
of the dotted lines indicates the difference. 


Since pressure of a fluid 
always acts at right angles to yenen 
any surface in contact with 
it, the resultant force due to 
this pressure will be at right 
angles to the plate and act at 
a point towards the front. 
This point is “called the 
centre of pressure, 

(b For a given speed, 
when the angle of attack ex- 
ceeds a certain value, the flow 
is no longer streamline, but 
turbulent (Fig. 13). When 
turbulence occurs, skin friction (vide below) increases. This in- 
clines the resultant force away from the normal. 

Turbulence causes great disturbance in the air, the energy 
for which comes from the energy of the plate. Therefore, the 
resistance to the motion of the plate increases greatly with the 
onset of turbulence. 


, (iii) Skin friction, When a body moves through air, there 


Fig. 13 


This thin layer is called the boundary layer. The force tending 
to resist the motion of the body due to relative motion of air 
within this layer is called skin friction. Tt acts parallel to the 
surface. 

If the flow within this layer is laminar, i.e , if layers of the 
same relative velocity are parallel to one another, the skin fric- 
tion is due to viscous drag of air. This is very small in 
magnitude. But when turbulence Occurs in this layer, skin 
friction increases greatly. 
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(iv) Since the air pressure on the bottom of the plate is 
higher than that on the toy, air from below the plate will flow 
round the edge and disturb the flow of air on the top. This leads 
to the formation of two large vortices (known as wing tip vortices) 
of air at the two ends of the trailing edge. Their effect is to 
increase the resistance of the plate to its motion through air, 

"This resistance inclines the resultant force R farther towards 
`. the back, 


4. Lift and Drag, 


The total force of resistance acting on a plate when it is 
moved at a constant speed through air (or when it is kept 
stationary in a *teady air stream) can be resolved into two com- 
ponents : one, called the Lift (Z, Fig.11), acting at right angles to 
the undisturbed air flow, and the other, called the Drag (D) act- ^ 
ing parallel to the undisturbed air flow. Note that they are not 
nocessarily vertical and horizontal, a mistake which is commonly 
made. If E is the total resistance and f the angle between R 
and the direction of the air stream (note that this is not the 
angle of incidence) 

L=R sin $ (4°1) 
and. D=R cos f (4°2) 

The ratio between the lift and the drag {called the lift/drag 
ratio) depends in a complicated manner upon the angle of 
incidence. 

Measurement of the resistance of a body to air flow is ordi- 
narily made in a wind tunnel. Such measurements have led to 
the following general results : 

(i) For bodies of the same section and shape, but varying 
frontal area, at a constant speed, the resistance 7? is proportional 
to the frontal area A. In symbols. 

R«A 

(ii) When other fac:ors remain constant, the resistance is 
proportional to the square of me speed, or 

ex 


(iii) The resistance is proportional to the density of the 
moving fluid, or 
Rep 


(iv) Por bodies of different shapes, the resistance depends 
on the shape when other factors are constant. 
ining these observations we may write 
Combining RKAP 43) 
where the coefficient K depends on the shape of the body. 
Combining equations 4.1 and 4.3 we may write 
L=K sin BXp AV*=3 OL p AV 
Similarly from 4'2 and 4'8 we have 
D=K cos BX p AV* —10o p AV* 
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Ou (=2K sin B) and Co (=2K cos $) are respectively called the 
lift and coefficients. Their values are found by experiment 


Fig. 14(b) 


Fig. 14(a) 


in the wind tunnel. They vary with the shape of the plate and 
angle of incidence ( « ). Figs. 14 (a) and (b) show qualitatively 
how they change with the angle of incidence. The lift coefficient 


Zingine nocelie 
Port aileron 


Fig. 15 


increases gradually until a certain value of the angle of incidence 
is reached. Beyond this angle the lift coefficient diminishes. 
The angle is called the stalling angle. The drag coefficient also 
increases with increasing angle of attack. Beyond the stalling 
angle it increases more rapidly. 
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5. Parts of an Aeroplane, 


It will be advantageous for the student to acquire at this 
stage a familiarity with the parts of an aeroplane. They are 
represented in Figs. 15 and 16. 


From an aerodynamical standpoint the main parts of an 
aeroplane are the following : : 


lownend ring Wheels sciracted 
around radial engine into engine msceJle 


Fig. 16 
1. The Wings. They have suitable aerofoil section ($ 6) 
and provide the lift. They also produce a drag. 


9 The Fuselage. It is the main structural body of an 
aeroplane and carries most of the weight. It produces a drag 
mainly due to skin friction. j 

3. The Airserew. It converts the torque provided by the 
engine into a straight, forward pull, called thrust. : 

4. The Tailplane. [t is a lateral surface placed at the rear 
of the aeroplane. The fixed ‘horizontal’ part of it is ordinarily 
called the tailplane, while the movable part is called the elevator. 

These surfaces provide forces by which the aeroplane may 
be kept in equilibrium under different conditions of flight. The 
elevator ‘pitches’ (see § 11) the aeroplane about the lateral axis. 

b. The Control Surfaces. The purpose of these surfaces is 
to enable the aeroplane to change its condition of flight. The 
rr control surfaces are (i) the rudder and (ji) the ailerons 

11). 
The rudder provides directional control and enable the 
aeroplane to turn about a vertical axis. x 

The ailerons provide a lateral control and enable the aero- 
plane to roll about the longitudinal axis and thus to move in & 
circular track (i e., to ‘bank’). 

6. Cambered Aeroplane Wings, 


In order that an aeroplane may keep in air against gravity 
without falling, a lifting force at least equal to its weight must 
act on it. We have just seen howa lift may be obtained by 
moving a flat plate at a small angle of incidence through air. In 
the real aeroplane the lift is obtained from its wings- The pull 
of the propeller moves the plane forward ; the wings are so de- 
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signed, and so inclined, that as they pass through air, they push 
the sir downwards and by so doing experience an upward re- 
action. In fact, their behaviour is like a flat plate moving 
through air; but due to improvement of design their perfor- 
mance is better than that of a flat plate. The design aims at a 
large lift and a small drag. 

Aerofoil. An aeroplane wing is not at all a ‘plane’ in the 
geometrical sense. It isa curved or cambered surface and is 
really made up of two surfaces, each with a different curve of 
camber. The technical name for such a wing is an aerofoil. An 
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aerofoil may be defined as a blade or wing set in such a way as 
to experience a lifting force as it moves through the air. The 
term ‘camber’means the curva- 


Mt ture of an aerofoil. A cross-sec- 


tion through an aerofoil is cal- 


Gene Pi , led an aerofoil section (Fig. 17). 
ral sf aa Aerofoll The nose or leading edge is 


rounded, while the rear or trail- 
(Es, — it ede i more peated. Tue 


of curvature at the leading and 


Wigh -Lift' oou. trailing edges (of an aerofoil 
7 lift Any section) is called the chord line, 


DD, shora ise iter cE ‘te 


rae $ K aerofoil section is called the 
High-Speed Aerofoil chord. The angle of attack or 


the angle of incidence jg the 


eT.» $p, Seven the chord ine 


RN Undo resurface direction relative to it. 
of Camber. 
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Fig. 18 shows various shapes of aerofoil sections. Generally 
a large camber on the upper surface produces a good lift, but also 
increases the drag. Different cambers on the lower surface do 
not make much difference to the lift and drag properties of the 
aerofoil. The modern tendency is for flatter cambers on the 
under surface and even to convex cambers as shown in bi-convex 
aerofoils. This gives a lower lift ; but the disadvantage is offset 
by the fact that the deeper the wing, the lighter can its construc- 
tion be. 


7. Action of Acroplane Wings, 

The action of aeroplane wings or aerofoils may be understood 
from the following : 

(a) On the upper surface of the aerofoil there is suction while 
on the lower surface there is pressure. The suction and pres- 
sure together create tha lift. 

This may be tested experimentally by allowing a stream of 
air to blow on an aerofoil in a wind tunnel and affixing mano- 
meters to the upper surface as shown in Fig. 19. The ‘suction’ 


Suction 
a4 BCE 
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Fig. 19 Fig. 20 


or the reduction of pressure will be found to vary from place to 
place, being higher towards the nose. The actual distribution 
depends on the aerofoil section, the speed of air and the angle of 
incidence. ‘The pressure differences are however of the order of 
at most an inch or so of water. 

Connecting the manometer to the lower surface as shown 
in Fig. 20 it will be seen that there is a small positive pressure 
on that side. Fig. 21 represents diagrammatically the distribu- 
tion of pressure on two sides of the aerofoil. 
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This suction and pressure together constitute the ‘lift’ of the 
wing, the suction contributing more than the pressure. If a 


=. 
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Fig. 21 
wing is covered with fabric, it must be firmly secured ; otherwise 
the force due to suction might lift it up and cause damage. À 

The point at which the resultant of the forces due to suction 
and pressure acts is ealled the centre of pressure. In cambered 
aerofoils the centre of pressure is well towards the nose and 
moves farther forwards as the angle of incidence increases. 

‘ Note that the lower pressure 

on the top surface is due to the 

9 higher speed of air above the wing, 

(e) and the higher pressure at the 


lower surface is due to the lower 
t Speed of air beneath the wing. 
This is a consequence of Bernoulli's 

(6) * € theorem. 

(B) Giving the aerofoil section a 
streamline shape reduces its resist- 
ance to motion, i.e., drag. 

(c) The effect of streamlining on 
the change of resistance of a body 
to its motion through air is repre- 
sented in Fig. 29. (b) and (c) show 

(d) 1 the effect of adding a streamlined 
tail and nose respectively, and (d) 
the joint effect of both. The num- 

i „bers give the resistance, 
Fig. 22 The streamlining can be done 
9. only by cambering the surfaces 
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Note that the greater the distarbance caused by the motion of 
a body through air, the greater is its resistance to the motion. In 
thin respect the cambered aerofoil is superior to the flat. surface. 
The gradual curvature of the aerofoil entices the air in a down- 
ward direction and prevents it {rom suddenly breaking away from 
the surface and forming eddies. 

(o) Tha effect of angle of incidence on the lift and drag of 
aerofoil. 


From Figs. 14(a) and (b) we can realise how the lift and the 
drag of an serofoil change with angle of incidence. The lift 
increases with increasing angle up to & certain value, the 
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Fig. 23 Fig, 24 


beyond which it diminishes. The drag is a minimum at 

a small negative angle of incidence and inereases with the angle 

of incidence. Beyond the stalling angle it increases very rapidly. 

The loss in lift and increase in drag at large angle of incidence 

is due mainly to the turbulence set up the air (Fig. 94) Fig. 

93 shows the contrast when the angle of incidence is small, The 
flow of air in this case is streamline. 


(d) Lift-by-drag ratio. By altering the camber of an aero- 
foil it is possible to inerease the lift. But this is generally accom- 
panied by an increase in drag also. 

In special eases we may require an increased lift even at the 
cost of an increased drag (such as when an aeroplane wants to 
land at low speed). In some other cases we may sacrifice even 
lift for a decrease in drag (such as in a plane competing for a 
speed record). But what an average aeroplane requires is a high 
ratio of the lift to drag, and not a high life and low drag sepa- 
rately. ‘These considerations explain the use of various cambers 
on the aerofoil. 


Wing shape. Birds, such as swallows. which fly well have 
long, narrow wings, whilst the weak fliers, such as chickens, have 
short, broad wings. The same applies to seroplanes. Those with 
longer and narrower wings give better performance than those 
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that have shorter and broader wings. By the term ‘span’ of an 
aeroplane is Meant the distance from one wing tip to the 
other. The ratio of the span to the chord is called the aspect 
ratio. The total surface area of the wings determines the load 
which an aeroplane can lift under given conditions. Even if the 
total area is the same for two planes, the one with the higher 
aspect ratio can fly faster than the other, This is due to the fact 
that a part of the total drag, known as the induced drag, is 
smaller when the aspect ratio is higher. The induced drag is 
due to the formation of wing tip vortices (See § 3, iv). 


Rectangular wings are very rare. Leading and trailing edges 
are frequently not parallel. The chord decreases towards the 
tip, giving the wing a trapezoidal shape. 


Summary. The following summary of the action of wings 
may be helpful : 


(a) The wing is pulled through the air at a small angle by 
the propeller, 

(b) This motion deflects the air stream downwards, asa 
result of which the wing itself experiences an upward reaction or 
lift. (Lift is defined as the component of the resultant force on 
the wing which acts at right angles to the air stream.) 


(c) The wing also experiences a resistance to its motion 
through air, or drag. (Drag is the component of the resultant 
force on the wing which acts parallel to the air stream.) 

(d) As the angle of incidence increases, the lift also increases 
upto a certain angle, called the stalling angle. 

(e) Wing sections are curved or cambered, usually on both 
surfaces. They may have different cambers on the two surfaces. 

(f) On the top surface there is a suction and on the bottom 
a pressure. These constitute the lift. The effect of the suction 
is more pronounced than that of the pressure, 


(g) Larger camber on top surface increases life, and also 
drag. Different cambers give different lift/drag ratio. 


(h) Larger aspect ratio reduces induced drag, 
(i) Cambering helps giving rigidity to the structure. 


8. Air Screw. 


The a?r screw or the propeller of an aeroplane provides the 
force which pulls the aeroplane forwards. Tt consists of a boss 
with the blades, usually two in number, attached thereto. Fig. 
25 shows the plan and elevation of a two-bladed airscrew. The 


boss is coupled to the shaft of the engine, The rotational speed 
of the blades averages 2000 r.p.m. 
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Fig. 25 


At any place on it, a blade has the section of an aerofoil. 
Fig. 26 shows the nature of the sections at places marked with 


ANNA Vy 


Fig. 26 


the same letter in Fig. 25. The angle which the chord line of 
the section makes with the plane of rotation is called the blade 
angle. It will be noticed that the blade angle increases towards 


the boss. 

The action of an air screw may be understood by looking 
upon it as an aerofoil in rapid rotation about one end. 

Consider a short trans- 
verse portion of an air screw 
(any of the shaded portions 
in Fig. 27). It is an aerofoil 
of short span. As it rotates 
with the blade while the 
aeroplane advances, it des- 
eribesa helical path. Imagine 
for a moment that the aero- 
plane is stationary. The 
aerofoil then moves in a 
circle, As itmoves through 
air it experiences a force 
which may be resolved 
parallel and perpendicular to 
the relative air stream. The 
former is the drag on it (D,, 
D, in the figure) and the 
latter the lift (Z,, La in the 
figure). The relative air 
Stream moves perpendicular 
to the shaft of the airscrew. 
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Hence the lift on the aerofoil acts in the direction of the shaft 
and qu a tractive force. Each element of aerofoil making 
up the blades acts in the above manner. The air screw thus 
provides thrust by pushing the air backwards. 


The lifts acting on the elements combine to give the total 
tractive force. The drags 
acting on them produce 
a torque resisting the 
rotation. In the equili- 
brium condition this is 
neutralised by the torque 
provided by the engine. 


When the aeroplane 
moves, the angle of inci- 
dence of the elementary 
aerofoils changes and 
becomes smaller, and 
increases the lift/drag 
ratio. The forces on the elementary aerofoils can still be resolved 
in the same manner. Here also the lift provides the tractive 
force and the drag produces a torque resisting the rotation, 


Fig. 28. 


. The reason why the angle of incidence changes when the 
aeroplane moves may be understood from Fig. 28. In the figure 


v=forward speed of the plane in the direction of the axis 
of the airscrew, 

uslinear speed of a blade element as it moves in a circle 
about the airscrew axis, 

r — resultant speed of air stream relative to airscrew, 

^| blade angle, 


d — effective angle of incidence. 


Consider two blade elements marked 1 and 2. The blade 
angle ^|, is larger than ^|, since element 2 is nearer to the axis 
of the screw. The airscrew is supposed to rotate clockwise as 
seen by the reader and advance towards him. 


The circumferential speeds of the blade elements are u, and 
ug. Their resultant velocities relative to the air are obtained 
by combining the vector y (forward speed of the airscrew) with 
each of the vectors u. Note that u and v are at right angles. 
The airstream appears to blow along r and meet the elements 
at angles a, and 4, which are less than the values of the blade 
angles. 4, and d, are small and nearly the same in value. 


When v=0, a, and 4, are equal to the respective blade 
angles and acquire their maximum value. The thrust in this 
case, i.e., the static thrust, is the maximum, At this high angle 
of incidence the drag is also large. Hence the airscrew rotates 
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slowly. As the plane gathers forward speed the angle of 
incidence diminishes, and with it the thrust and the drag. As 
the drag diminishes the screw speeds up. 


The blade of a moving aeroplane describes a helical surface, 
and its tip traces out a helical path. The forward distance 
through which the airscrew movesin one complete turn is called 
its pitch. 


The motion of the airscrew through the air throws the air 
backwards, forming what is called the slipstream. This stream 
has a slight rotation and is full of vortices. 


Airserews are made of selected wood (ash, walnut or pine) or 
light aluminium or magnesium alloys. Those having lon 
narrow blades are better than short wide-bladed ones (cf. 
narrow wings with a wide span and broad wings with shorter 
span; the former has less drag on it). 


9, The Forces on an Aeroplane. 


The main forces on an aeroplane in flight are : 
1. Lift of the main planes, which acts at the centre of 
pressure. 


2. Drag, which is made up of various components, all 
acting parallel to the air-stream and combining into a single 
resultant, called the total drag. Its line of action is called the 


line of total drag. 

3. The weight of all parts of the aeroplane, which acts at 
the centre of gravity. 

4. The thrust of the airscrew acting along the screw axis. 

The lines of action of these forces do not pass through the 
same point. 

Horizontal flight. If the vertical and the horizontal forces 


Fig. 29 


balance?one another, while the torquedue to the former is equal 
and opposite to that due to the latter, the aeroplane will move 
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horizontally at a constant speed. This condition will be 
provided if in Fig. 29 we have 
Lift (ZL) 2 Weight ( W) 
Thrust (7, assumed horizontal) = Drag (D) 
and La=Db. 
10. The Three Axes of an Aeroplane. 
An aeroplane in air can turn about three axes normal to one 


VERTICAL AXIS 
Fig. 30 

another, all passing through the centre of gravity (Fig. 30). 

ey are called 

l. The longitudinal (or rolling) axis, running from nose to 
tail ; 

2. the lateral (or pitching) axis, running parallel with a line 
from wing tip to wing tip through the centre of gravity ; 


3. the normal (or yawing) axis, passing through the c.g. at 
right angles to the other two, It will be vertical when the 


Rolling, Pitching and Yawing. Motion round the longitudinal 
axis is called rolling ; round the lateral axis, Ditching : and 


Control or stability so far as rolling (i.e., motion about the 
longitudinal axis) is concerned, is called ateral control or 


11. The Controls of an Aeroplane, 

Corresponding to the three axes about which we consider 
the motion of an aeroplane, there are three different controlling 
devices, yiz, 

l. The rudder, which works just like the rudder of a ship 
and provides directional control ; 

2, the elevator, which controls rotation about the lateral 
axis, i.e., climbing and diving. It provides longitudinal control ; 
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3. the ailerons, which control the attitude of the aeroplane 
about the longitudinal axis. They provide /ateral control. 

The rudder and its action. The fin and rudder together 
form the vertical surface on the tail structure of an aeroplane, 
The rudder is placed behind the fin and the two together form 
a vertical aerofoil of symmetrical section. The fin is fixed, while 
the rudder is hinged to it. 

The rudder is connected by wires or rods to a rudder bar or 
rudder pedals on the floor of the cockpit, When the pilot pushes 


Sideway force 
on rydder 
E 


POM 


Fig. 31 


the,rudder bar with his right foot, the rudder moves to the right 
(Fig. 31). The air stream impinges on its right surface and 
pushes it to the left. This alters the attitude of the plane about 
the normal axis. The nose moves to the right with respect to 
the original line of flight. 

To turn the plane to the left, the left foot on the rudder bar 
is pushed forward. 

For action of fin see § 12, sec. (a). 

The elevator and its action. The tailplane and the elevator 
together form the horizontal surface of the tail structure. 
elevator is placed behind the tailplane and the two together 
form a horizontal aerofoil of symmetrical section. The tailplane 
is fixed, while the elevator is hinged to it. In earlier designs 
there was no elevator, but the tailplane was adjustable. This 
form has now become obsolete. 

The elevators are connected by control wires and levers to 
the control column (or joy stick) in the pilot’s cockpit (Fig. 32). 


<T 
“| 
H Upward force on elevator when, 
d control Pen pushed forward. 
Fig. 32 


When the control is pushed forward, the elevators are lowered, 
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The airflow against the under surface of the depressed elevator 
exerts an upward pressure which lifts the tail of the aeroplane, 
causing the plane to dive. When the control stickis pulled back 
the elevator is raised, causing the tail to drop and the nose to 
be pulled up. This makes the plane climb, 

The ailerons and their action. Ailerons are movable flaps 
situated at the rear of each wing near the wing tips. They are 
hinged to the wings and each forms part to the normal aerofoil 
surface of the wing. An aileron has an area about one-eighth 
that of a wing. 

The ailerons are connected to the control column or joystick 
by a system of wires or rods. The connections are such that a 


Fig. 33 


movement of the stick sideways to the right lowers the aileron 
on the left wing (Fig. 33) and simultaneously raises that on the 
tight wing. Movement of the stick to the left causes the reverse 
motion of ailerons. 


is moved to the right, the right wing is depressed and the left 
raised, tilting the aeroplane to the right about the longitudinal 
axis. 
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Note that this tilt produces an unbalanced horizontal force 
acting towards the side on which the lower wing lies (Fig. 39). 


Direction in weich 
pilot to 
4 turn 
7 


Aileron 
down 


Fig. 34 


When the plane wants to move in a circle this unbalanced force 
may be made to provide the necessary centripetal action. For 
properly adjusted conditions there will be no sideslip. For a 
turn the rudder as well as the ailerons are operated (Fig. 34). 


12. Stability of an Aeroplane. 


An aeroplane very rarely flies in still air ; more often it flies 
in winds and gusts. Whenever this occurs the angle of incidence 
or the velocity changes. The forces which had been acting on 
the aeroplane therefore change in magnitude and direction. 
It is thus disturbed from its path of flight. 


An aeroplane which automatically rights itself after any such 
disturbance is called ‘stable’. 


It is now generally accepted that aeroplanes should possess 
a certain degree of stability ; but too much stability is not 
advisable. Fighting planes must be capable of quick manoeu- 
vres. A very stable aeroplane will resist every change in the 
path of its flight and refuse to execute the necessary mano- 
euvres with the desired quickness. Commercial planes may 
have a higher degree of stability than fighter planes. 


When a stable aeroplane rights itself after being disturbed, 


Fig. 35 


it generally oscillates to and fro about its original position, the 
oscillations being gradually damped out (Fig. 35). 
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When stability is attained by means of features incorporated 
in the design, itis called inherent. If the Stability is due to 
Some movable device which comes into Operation when the dis- 
durbance occurs, it is called automatic. 


There are three kinds of stability corresponding to the three 
axes about which the aeroplane can rotate, viz : 

(i) Directional (or yawing) stability corresponding to motion 
about the normal axis. 


(ii) Longitudinal (or pitching) Stability corresponding to 
motion about the lateral axis. 


(iii) Lateral (or rolling) stability corresponding to motion 


about the longitudinal axis. Clearly, it refers to sidewise tilts. 


Stability in an aeroplane is obtained through the tail unit, 


more particularly the tai] plane and fin, which are often called 
stabilisers. 


(a) Directional Stability. When the longitudinal axis is sud- 
denly deflected out of the line of flight, the aeroplane points in a 
new direction (Fig, 36). Owing to inertia it however tends to 
continue in its original direction. During 
this crabwise motion the airflow strikes 


determined by the torque exerted about 
the yawing axis by the pressure. Tt thus depends on the area, 
of the surface and its distance from the axis. The contribution 
from the fin and rudder is greatest in this Tespect, since thoy 
have not only large areas, but also long leverage. The Jin is the 
main determining factor and the designer determines its area 
solely from this point of view, 


- (b) Longitudinal Stability. It refers to the behaviour of an 
aeroplane under pitching disturbances, j.e., those Which turn it 
about the lateral axis, bringing the nose up or down. 


To understand the factors which affect longitudinal stability 
consider the ideal case of an aeroplane in horizonal flight whose 
four forces (lift, drag, weight and thrust) pass through the cen. 
tre of gravity (Fig, 37). Thus L=W and De=T. Assume that a 
disturbance suddenly tilts it; upwards (nose up) through angle B 


APPENDIX 535 


original path, Thus the angle of incidence a between the wings 
and the airstream increases, This causes the centre of pressure 


Fig. 37 Fig- 38 
to move forward (S 7) and brings into play a torque Lxa 
which tends to increase 8 and thus increase the disturbance. 
The machine will thus be longitudinally unstable. 

To make the machine stable, new forces must act on it in 
such a way as to restore it to its original attitude, Such forces 
are brought into play by the action of tail surfaces, particu- 
larly the tail plane (along with the elevator). 

The tail surfaces are set at a smaller angle of incidence than 
the wing and have a symmetrical aerofoil section. In Fig. 37 
the tail surfaces are shown set at zero incidence (a =0). When 
the plane is disturbed to a nose vp position, the tail meets the 
air flow at angle 8. The reaction on it due to the air stream 
can be resolved in the usual way into a vertically upward lift 
and a horizontal drag. This lift has a long lever arm / about 
the c.g. and brings into operation a torque which opposes the 
disturbing torque Lx a. If the tail area is large enough and 
far enough behind the c.g., its stabilising moment will restore 
the plane to its original attitude, 

Similar stabilising action occurs when the disturbance brings 
the aeroplane nose down. 

In actual practice the centre of gravity and the centre of 
pressure seldom coincide. If the c.p. is slightly forward of the 
c.g., the lift tends to raise the nose. The aeroplane is then said 
to be tail heavy, In the reverse case it is nose heavy. Unbalan- 
ced torques in the vertical plane (causing rotation about the 
lateral axis) are balanced by the action of the elevator or of adjus- 
table trimming tabs provided at the trailing edge of the elevator. 
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(c) Lateral (or rolling) stability. If an aeroplane rolls, forces 
should come into play so as to restore the lateral axis to its 
horizontal position (i.e., make 
the keel even). This is obtain- 
ed by raising the wing tips 
higher than the centre-section 
(Fig. 39), The angle at which 
each wing is inclined upwards 
to the lateral axis is called the 
dihedral angle. 


Suppose the machine rolls 
over into a position as shown 
in Fig. 39. The lift L, of the 
higher wing can be resolved into vertical and horizontal 
components, V and H. The unbalanced component H acts at 
right angles to the direction of flight and deflects the aeroplane 
side-ways towards the lower wing. This is known as side-slip. 


Side-slip being a relative motion of the aeroplane through 
air, air will blow from the side of the lower wing and impinge 
on the higher wing, thus depressing it and bringing the machine 
to an even keel. 


Lateral dihedral angle is the most common and the most 
effective means of providing lateral Stability. But it is not 
essential, and other methods may be used. 


13. The Airship. 


The difference between the airship and the aeroplane is 
summarised in the following statements : 


The airship is “a power-driven aircraft which is sustained 
in the air through the agency of the lift of a buoyant gas 
contained in an outer envelope.” 


The aeroplane is “a heavier-than-air flying machine, sup- 
ported by aerofoils, designed to obtain, when driven through 
the air at an angle inclined to the direction of motion, a reac- 
tion from the air approximately at right angles to their 
surfaces." 

It is clear that the airship is lighter than air, while the 
aeroplane is heavier than air. In order that they may fly, each 
requires a lifting force at least equal to its weight, The difference 
between the two liesinthe methodby which the lift is provided. 

According to Archimedes' principle a body immersed in a 
fluid experiences an upward force equal to the weight of the 
displaced fluid (vide MECHANICS, Vol. I, 8 137 and § 162), 
An airship derives its lift from this force, The envelope of the 
airship displaces the air, and therefore there is an upward force 
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on the airship which is equal to the weight of the displaced air, 
If this upward force is equal to the weight of the airship, it will 
float in air. If the force is greater than the weight, the airship- 
will rise ; if the force is smaller, it will fall. 


At sea level, under normal conditions 1 cu. ft, of air weighs 
approximately ‘08 lb. This is the maximum weight which one 
cubic foot of air can support. To produce a total lift of several 
tons the envelope of an airship must be very large. Thelast two 
airships built in England, the R 100 and R 101, had each a 
sapacity of more than five million cubic feet. 


The modern airship has an all-metal frame (or hull) divided 
into a number of compartments into each of which a gas bag is 
placed. The gas bag is made of gas-proof linen fabric and made 
up in the shape of a cylindrical container. A network of wires 
surrounds each gas bag and conveys the lift from the bag to the 
metal frame-work, The whole structure is covered with an enve- 
lope called the ‘outer cover’. It gives a smooth surface to the 
vessel, which reduces the drag. It also protects the gas bags, 
and, being’specially treated with aluminium powder, reflects the 
sun’s rays and minimises the absorption of heat. 

The engines of the-ship are usually carried in separate cars 
or gondolas suspended from the metal frame-work of the hull. 
The fuel tanks are carried inside the hull. The control cars, 
passengers’ quarters etc. are also built into the hull. The hull 
itself is given a stream line shape to reduce the head resistance, 
The ratio of its length to breadth in modern construction is 
about 5:1. 


The gas bags are fitted with hydrogen or helium. Helium 
has the advantage of non-inflammability, but both the total and 
the useful (or disposable) lifts are greater for hydrogen, The dis- 
posable lift is the amount of lift available after all fixed weights 
due to hull, engine, fuel, ballast, crew, etc, have been deducted. 
It is usually given as a percentage of the total lift. 


The total lift—total volume of the gas 
X (weight of unit vol. of air — weight of unit vol. of gas) 
If the weight is in-pounds, the lift is expressed in lb.-wt, 


One cubic foot of pure hydrogen at sea level, under normal 
conditions, weighs ‘005 Ib. while 1 cft of helium under the same 
conditions weighs 012 Ib. Owing to the presence of impurities 
in hydrogen and helium they actually weigh a little more. In 
practice it is possible to get a lift of about 70 Ib. per 1000 oft of 
hydrogen and 60 to 64 Ib. for helium. From these data it will 
be seen that for an airship of capacity five million cubic feet, 
the total lift, when filled with hydrogen, is about 156 tons, and 
134 to 143 tons when filled with helium. The dead weight comes 
nearly to 110 tons. So the available lift in the case of the 
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hydrogen-filled ship will be about 46 tons and in the case of the 
helium-filled ship only 24 to 33 tons. This shows the impor- 
tance of keeping the dead weight to a minimum. 

The airship is propelled by airscrews driven by engines as 
in an aeroplane. The speed however is much less, 100 mph 
being considered a high value. The control of the flying level is 
effected in two ways : small changes in height is brought about 
by elevators and large changes by releasing ballast or gas. 

The future prospect of the airship does not appear to be 
very bright. In order that it may carry a reasonable proportion 
of useful load, its size must be very large. This means expense. 
difficulties of housing and manipulation on the ground. Further 
the speed cannot be high because of the large resistance to 
motion, 

Past attempts at building larger ships led to much loss of 
men and materials. In view of the rapid improvements now 
being made in the design and performance of the aeroplane 
(aircraft heavier than air) it is much to be doubted whether in- 
terest in airships will be revived. 


EXERCISES 


l. Distinguish between streamline flow and turbulent flow. What are 
streamlines? State some of their properties. Mention the points of 
similarity between: the properties of streamlines and those of lines of force 
in an electric or magnetic field. 

2 State Bernoulli's theorem. Illustrate what it means by reference 
to a tube of flow. Give three common examples illustrating the application 
of the theorem. 

3. (a) Explain why a ping-pong ball sticks toa vertical jet of water 
without falling. 

(b) Why does a spinning ball follow a curved track? When a player 
‘hits a tennis ball soas togive ita top-spin, the ball reaches the ground 
more quickly than it would ifit had no spin (i. e. the flight of the ball is 
shortened). Explain why. 

4. Aflat plate is moved through air parallel to itself at a constant 
small angle to the air stream. Discuss the nature of the forces acting 
on it. 

What factors cause the resultant force on the plate to be inclined to 
the surface ? 

What is skin-friction ? 

5. State the various factors on which the resistance ofa body moving 
through air depends. State also the nature of dependence. 

6. What do you mean by the terms lift and drag! What are lift 
and drag co-efficients? How do they depend on the angle of incidence ? 
What is stalling angle ? 
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Is it possible to increase the lift without at the same time increasing the 
drag ? 

7. Drawa diagram of an aeroplane illustrating its essential parts. Label 
them and briefly mention the function of each. i 

8. Explain the following terms: (a) aerofoil, (b) aerofoil section 
(c) camber, (d) chord line, (e) chord, (f) angleof incidence. 

In what respects is a cambered aeroplane wing superior to a flat plate ? 

9. What is the function of an aeroplane wing? How does it Produce 
the lift? What factors contribute to the drag ? How is the drag lessened ? 

What advantages arise out of (i) along span, (ii) a high aspect ratio 
and (iii) total wing area ? - 

10. What is the function of an airscrew? Show that the thrust pro- 
duced by it may be looked upon as the lift on an aerofoil. 

Why is the blade angle made to diminish continuously from the root 
of the blade to its tip ? 

11. What are the main forces acting on an aeroplane ? Under what 
conditions will an aeroplane keep in steady horizontal flight ? 

12. What do you understand by rolling, pitching and yawing of an 
aeroplane ? 

13. Draw neat diagrams showing the positions of the rudder, elevator 
and ailerons of an aeroplane, 

State the function of each, 

14. What do you understand by the stability of an aeroplane ? 

Explain the use of the tail plane and the fin as stabilisers. 

How does a dihedral angle provide lateral stability to an aeroplane ? 


T. W 
et Vo 
e ian” 


L 


